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PREFACE. 


1. We believe that the most important thing in the teaching of 
calculus is to lead the student to a clear understanding of principles. 
Therefore our chief endeavor has been to develop the subject as 
simply and as directly as possible. 

2. We fully appreciate the importance of extensive practice in 
the handling of algebraic transformations. Therefore we have 
given an adequate collection of formal problems in differentiation 
and integration. 

3. We are convinced, however, that it is a pedagogical mistake, 
in a text book on calculus for young men, to break the thread of 
the textual discussion by unnecessary algebraic developments 
and by large and frequent groups of purely formal problems. 
We believe indeed that the proverbial unintelligibility of calculus 
is to a very great extent a psychological consequence of this almost 
universal and really hideous feature. Therefore we have arranged 
the greater portion of our formal problems in an appendix. 

4. Nearly every elementary science text in existence carries a ~ 
false suggestion of completeness and finality,/and there are two 
things which young men should understand in connection with 
their study of the mathematical sciences. The first is that such 
study is exacting beyond all compromise, involving as it does a 
~ degree of constraint which it is beyond the power of any teacher 
greatly to mitigate. And the second is that the completest science 
stands abashed before the infinitely complicated and fluid array 
of phenomena of the material world, except only in the assurance 
which method gives. We hope that this elementary treatise on 
calculus may prove to be sufficiently definite and exacting to be 
useful; next to this there is nothing we could wish to have more in 


evidence from beginning to end than its incompleteness. 
W; 
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In order to emphasize the incomplete character Of this text we 
have introduced references to more complete treatises throughout 
the text and we have given in Appendix C a carefully selected list of 
treatises on mathematics and on mathematical physics. Teachers 
who use this text should, we believe, direct the students’ attention 
to this appendix. 

In our brief reference to the infinitesimal method in article 20 
we do not wish to be thought of as taking sides in the old contro- 
versy as between the “method of limits”? and the “method of 
infinitesimals’’ in calculus. Article 20 is unquestionably falla- 
cious as it stands ; and the same may be said of the discussion of 
divergence and curl in articles 126 and 129. Indeed articles 20, 
126 and 129 may be characterized as mere plausibilities, and the 
harder one tries to understand them the more vague and unintel- 
ligible they become. The fact remains, however, that the infini- 
tesimal method contributes very greatly to directness and sim- 
plicity of speech in the discussion of physical problems, and the 
idea of infinitesimals is therefore used throughout this text. Any 
one who is disturbed by the element of easy plausibility that is 
involved in the s'raight-forward use of the infinitesimal method 
in the discussion of physical problems should heed the advice 
given by D’Alembert to a young student, “Go ahead, young man, 
go ahead! Conviction will come to you later.” 

“The absolute requisites for the study of this work are: a 
knowledge of elementary algebra to the binomial theorem (accord- 
ing to the usual arrangement), plane and solid geometry, trigono- 
metry, and the most simple parts of the usual applications of 
algebra to geometry.” 

This was said by De Morgan in the preface to his great treatise 
on Differential and Integral Calculus (London, 1842), in com- 
parison with which this book is a primer. 


FRANKLIN, MacNurr and CHARLEs. 


Soura BreraitesEM, Pa., March 22, 1913. 


CALCULUS. 


In the study of phenomena which depend upon conditions 
which vary in time, that is, upon conditions which vary from 
instant to instant, it is necessary to direct the attention to what 
is taking place at an instant; or, in other words, to direct the 
attention to what takes place during a very short interval of 
time; or, borrowing a phrase from the photographer, to make 
a snap-shot, as it were, of the varying conditions. In the study 
of phenomena which depend upon conditions which vary: from 
point to point in space, the attention ‘must be directed to what 
takes place in a very small region. 

This paying attention to what takes place ane a very short. 
interval of time or in a very small region of space does not refer 
to observation but to thinking, it is a mathematical method and it 
is called calculus. Thus the density of a body is its mass divided 
by its volume. This definition, and indeed the idea of density, 
applies only to a homogeneous substance. To apply the idea 
of density to a non-homogeneous substance one must think of a 
very small portion of the substance. The same thing is true 
of every measurable property of a substance. Thus the idea of 
elastic strain as a measurable effect is easily established when 
every part of a body is similarly strained as in the case of a 
stretched rod, but to apply this precise idea of strain to a bent 
beam or to a twisted rod one must think of a small portion of 
the beam or rod. 

Two distinct methods are involved in the directing of the 
attention to what takes place during very short intervals of time 
or in very small regions of space, as follows: 

(a) The method of differential calculus. A phenomenon may be 


prescribed as a pure assumption, and the successive instantaneous 
vii 
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aspects may then be derived from this prescription. Thus we 
may prescribe uniform motion of a particle in a circular path, 
and then determine the acceleration of the particle at each instant. 

Or, a condition in space may be prescribed as a pure assumption, 
and the minute aspects may then be derived from this prescrip- 
tion. Thus we may prescribe the distribution of temperature 
along a rod, and then determine the temperature gradient at 
each point from this prescription. 

(b) The method of integral calculus. It frequently happens that 
we know and can easily formulate the action which takes place 
at a given instant or in a small region of space. The problem 
then is to build up an idea of the result of this action throughout 
a finite interval of time or throughout a finite region of space. 
Thus the acceleration of a body may be known at each instant, 
and from this knowledge we may find the velocity gained and 
the distance traveled in a finite interval of time. Or, consider a 
disk rotating at a given speed. It is easy to establish a formula 
for the energy of a very small particle of this rotating disk, and 
it is then possible to derive an expression for the energy of the 
entire disk. 
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AppENDIxX C. Some Important Books on Mathematical 


“Tn view of the acknowledged difficulty of calculus 
the student must be willing to stop in his course 
until he can form exact notions and acquire precise 


ideas.” 
Avueustus De Morgan. 


CHAPTER I. 


GENERAL SURVEY OF DIFFERENTIAL AND INTEGRAL 
CALCULUS. 


1. Constant quantities and variable quantities——Elementary 
algebra deals only with quantities which do not change in value 
(constant quantities). For example let x be the quantity which 
subtracted from 12 leaves a remainder equal to 42. That is, 
12—2= 32, whence x=8. The quantity z has the same 

value throughout this discussion and it is therefore called a 
constant quantity. Calculus is a branch of algebra and it deals 
not only with constant quantities but also and especially with 
quantities which change in value (variable quantities). Thus one 
of the simplest problems of calculus is to consider how rapidly 2? 
grows in value when 2 is imagined to grow at a definite rate. ° 

Variable quantities fall into three fairly distinct classes, namely: 
(a) Quantities which vary in time, (b) quantities which vary in 
space, and (c) quantities which are arbitrarily assumed to vary. 
An example of the first class is the varying temperature of the air 
at a given place as the seasons come and go. . An example of the 
second class is thé varying temperature of the air from place to 
place at a given time. 

Variables of the first and second classes are sometimes called 
natural variables to distinguish them from variables of the third 
class, examples of which are considered in Arts. 10 and 11. 


2. Value at a given instant. Value at a given point.—Let y 
represent the amount of water in a pail into which a small stream 
of water is flowing. Evidently y is a changing quantity. If the 
flow of water were to be shut off at any given instant there would 
be a definite quantity of water left in the pail, and, therefore, there 
is a definite amount of water in the pail at each instant even while 
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the inflow continues. Any changing quantity y has a definite 
value at each instant.* 

A quantity which varies in space has a definite value at each 
point.* Thus everyone understands that there is a definite tem- 
perature at Philadelphia although it may be different from the 
temperature at New York or Washington. An iron rod with one 
end in the fire has a definite temperature at each point. 


3. Increments and decrements.—It is frequently desirable to 
consider an increase (or a decrease) in the value of a variable 
quantity. Such an increase is called an increment. A decrease is 
called a decrement. For example, let y be a variable quantity. 
An increment of y is usually represented by the symbol Ay. 
When Ay is negative it is a decrement. This symbol Ay does 
NOT mean A multiplied by y, it is a single symbol, and it may 
be read increment-of-y or delta-y. The latter is preferable because 
of its brevity. The Greek letter A used as a prefix always 
means increment of. 


4. Rate of change of a quantity which varies in time.— Consider 
a pail into which water is flowing in a small stream. Let y be 
the amount of water in the pail. Then y is evidently a changing 
quantity. Consider the amount of water that flows into the pail 
during a short interval of time At; this amount of water is evi- 
dently the increment of y during the short interval of time, and 


it is to be represented by the symbol Ay. The quotient ay 


is called the average rate of change of y during the interval At.t 
If the inflowing stream of water is constant, say, always 2 cubic 
inches of water per second, then if At is chosen smaller and smaller, 
the value of Ay will be proportionately smaller and smaller, and 
: A : 
the value of the quotient = will be exactly 2 cubic inches 
per second whatever the duration or length of the time-interval At. 
* This may not be true of a discontinuous variable. 
{Thus if y is the amount of money a man has saved, then, 
$20 more during 30 days, we have Ay = $20 and At = 30 days, 
age rate of saving during the 30 days will be 662 cents per day. 


if he saves 
and the aver- 
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If the inflowing stream is variable, then the value of the quotient 
x will not be the same for different values of At, but the amount 
of water which flows into the pail during a very short interval of time 
will be very nearly proportional to the interval. For example, 
a certain amount of water W flows into the pail during a particular 
one-thousandth of a second. Imagine this particular one-thou- 
sandth of a second to be divided in halves; then only a very little 
more than 4W _ will flow into the pail during one of the half- 
thousandths of a second and a very little less than 4W will flow 
into the pail during the other half-thousandth of a second. If 
a shorter and shorter interval of time be taken the amount of inflow 
of water will be more and more nearly in EXACT proportion 
to the duration of the interval. This means that the quotient 


a approaches a definite limiting value as At and Ay both ap- 


proach zero; and this limiting value of a is called the rate of 
change of y at a certain instant or the instantaneous rate of change 
of y. 

ees Ay . dy : 

The limiting value of at 8 always represented by at which 
means the rate of change of y at a given instant. 

Nearly everyone falls into the idea that such an expression as 
10 feet per second means 10 feet of actual movement in an actual 
second of time, but a body moving at a velocity of 10 feet per 
second might not continue to move for a whole second or its 
velocity might change before a whole second has elasped. Three 
cubic inches per second is the same rate of inflow of water into a, 
pail as 2,070 cubic yards per year, but to specify the rate of inflow 
in cubic yards per year does not mean that a whole cubic yard of 
water flows into the pail nor does it mean that the inflow continues 
for a year. A man does not need to work for a whole month to 
earn money at the rate of $60.00 per month, nor for a whole day 
to earn money at the rate of $2.00 per day. A falling body has 
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a velocity of 19,130,000 miles per century after it has been falling 
for one second, but to specify its velocity in miles per century 
does not mean that it falls as far as a mile nor that it continues to 
fallforacentury! The units of length and time which appear in the 
specification of a velocity are completely swallowed up, as it were, 
in the idea of velocity; and the same thing is true of the specifica- 
tion of any rate. 


5. Continuous variables and discontinuous variables.—A quan- 
tity which changes by sudden jumps is called a discontinuous 
variable. For example the amount of money one has is a dis- 
continuous variable, because a debt is made on the instant that 
one decides to accept a purchase; that is to say, money is spent in 
lumps, and a lump of money is spent during an indefinitely short 
time. The amount of money spent during an interval of time does 
NOT become more and more nearly proportional to the interval as the 
interval grows shorter and shorter, and consequently it is meaningless 
to speak of the rate of spending money at a given instant. If y is 
a discontinuous variable and if the time-interval At happens to 
include a jump in the value of y, then the value of Ay remains 
finite as At approaches zero and the quotient wv approaches in- 
finity. The rate of change of a discontinuous variable at a given 
instant is unthinkable. 

The amount of water in a pail, as considered in Art. 4, is an 
example of what is called a continuous variable. If y is a con- 
tinuous variable and if Ay is the increment of y during the time- 
interval At, then Ay becomes more and more nearly proportional 


to At as At approaches zero; that is to say, the quotient a 


approaches a definite limiting value as At approaches zero, and this 
Ay 


limiting value of Ai 


is called the instantaneous rate of change 


of y. 
In the study of calculus we deal almost exclusively with con- 
tinuous variables. 
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6. Example showing determination of instantaneous rate of 
change.—Let us asswme that the amount of water in the pail in 
the discussion of Art. 4 is proportional to the square of the time 
t which has elapsed since a chosen instant. Then we may write 


y = ke (1) 


where k is a constant. A moment later ¢ has increased and of 
course y has increased also. Let us represent the new value of ¢ 
by ¢+ At and the new value of y by y+ Ay. Then, since 
equation (1) is assumed to be true for all values of ¢ and y, we 


have 
y + Ay = k(t + At)? 


y + Ay = kt? + 2kt-At + k(At)? (2) 


or 


Subtracting equation (1) from equation (2) member by member, 


we have: ‘ 
Ay = 2kt-At + k(At)? (3) 


Whence, dividing both members by At, we have: 


Ay - L 
de 2kt + k- At (4) 


Now it is evident that k-At approaches zero as At approaches 


hes A 
zero, and therefore the limiting value of & (as At approaches 


Lett A 
zero) is 2kt. Hence, writing ou for tle limiting value of ae 
we have: : 

eae 5 
dt eo 5) 


That is, the rate of change of y is at each instant equal to 2kt. 


Observation or thinking; which?—The discussion, in Art. 4, 
of the rate of increase of the amount of water in a pail presents a 
serious difficulty. How is one to know the increment of water 
which occurs during an indefinitely short interval of time? One 
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certainly cannot measure it. Observation and measurement are 
entirely useless in the consideration of an indefinitely small change 
which takes place during an indefinitely short interval of time. 
One cannot observe such things, one can only think about them. 
Indeed the whole matter at present under discussion is a matter 
of mathematical reasoning. 


7. Gradient of a quantity which varies in space.—Consider an 
iron rod which stands with one end in a fire. Then the tempera- 
ture of the rod varies from point to point along the rod. Consider 
two points very near together, let AZ be their difference in 
temperature and let Az be their distance apart. The quotient 


AT Pade tale vc . 
Re approaches a definite limiting value when Az is chosen smaller 


and smaller, and this limiting value of ar is called the temperature 


gradient at the point (degrees per inch). In this example TJ 
varies continuously along the rod, it does not vary by jumps, other- 
wise the gradient of 7’ at a point would be unthinkable. 


The limiting value of the quotient ae is always represented by 


dT : : 
ee and it means the gradient of 7 at a given point. 


Another quantity which varies from point to point in space is 
the pressure of the atmosphere; the higher one goes the less the 
pressure. Consider two points A and B, one of which is at a 
distance Ax above the other, and let Ap be the amount by which 


the pressure at A exceeds the pressure at B. Then oP, the 
x 

eee 4 A : 

limiting value of the quotient ma , 1s called the pressure gradient at 


A.* The pressure gradient of the atmosphere at sea level is 
usually about 2.3 pounds-per-square-inch per mile. xs 

The word gradient as used in the above discussion comes from 
the word grade meaning the steepness of a slope. Thus if the 


*Or at B; the two points A and B approach coincidence as Az ap- 
proaches zero. 
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slope of a hill at a given place rises AA feet in a horizontal distance 
of Az feet, then the limiting value of = when Az is made smaller 
and smaller is called the grade of the hill at the given place. 
The grade of a hill at a point might be one foot of rise per ten 
feet of horizontal distance, or ten feet of rise per hundred feet of 
horizontal distance, or 10 per cent. as it is usually expressed. 
It is evident that 10 feet of rise per 100 feet of horizontal distance 
does not mean necessarily 10 feet of actual rise in 100 feet of hori- 
zontal distance, because the slope may not be 100 feet long and 
the grade may vary from point to point. 

Similarly a pressure gradient of 2.3 pounds-per-square-inch per 
mile, which is the upward gradient of atmospheric pressure at sea 
level, does not mean that the atmospheric pressure at a point one 
mile above sea level is 2.3 pounds per square inch less than at sea 
level, because the pressure gradient becomes less and less at points 
higher and higher above the sea. The units which appear in the 
specification of a grade or a gradient are completely swallowed up, 
as it were, in the idea of grade or gradient just as the units which 
appear in the specification of a rate are swallowed up in the idea of 
rate. 


8. Example showing the determination of a gradient at a point. 
—Consider a metal bar AB, Fig. 1. Suppose the temperature 


cold 
Al = 


Fig. 1. 


of the bar to be zero at the end A, and let us assume the tempera- 
ture 7 at the point p to be: 

T= ko? (1) 
where z is the distance from A to p, and k is a constant. 
Under these conditions let it be required to find the temperature 
gradient at the point p. Now equation (1) is true for every value 
of x and YT. Therefore writing «+ Ax for x and writing 
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T+ AT for T we have 


T+ AT =k +Azy (2) 
or 
T+AT = kz? + 2ke-Ax + k(Az)? (3) 
Subtracting equation (1) from equation (3) member by member, 
we have: 


AT = 2kx-Ax + k(Az)? (4) 
whence 5 
A = . 
feats 2kx + k-Ax (5) 


Now k-Az approaches zero as Az approaches zero, and it is 


therefore evident that the limiting value of af is 2kx. Therefore, 


‘ee Wd Pe AT : 
writing =a for the limiting value of Az’ we have: 
aT 


It is evident from this equation that the temperature gradient is 
zero at the end A of the bar where xz = 0; and it is evident that 
the temperature gradient grows greater and greater (steeper and 
steeper) at points farther and farther from A where 2 is larger 
and larger. 

PROBLEMS. 

1. The amount of water in a pail is assumed to be proportional 
to the square of the time which has elasped since a chosen instant, 
according to equation (1) of Art. 6. It is evident from this equa- 
tion that the amount of water in the pail is zero when ¢= 0. 
After the lapse of 20 seconds there is 600 cubic inches of water in 
the pail. Find the value of & and state the unit in terms of which 
k is expressed. Ans. 1.5 cubic inches per second per second. 

2. Using the value of k from problem 1, find the rate at which 
water flows into the pail, (2) when ¢ = 5 seconds, and (6) when 

= 20 seconds. Ans. (a) 15 cubic inches per second, (6) 60. 
cubic inches per second. 
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3. Find the average rate of inflow of water into the pail during 
the time from ¢ = 0 to t = 20seconds. Ans. 30 cubic inches per 
second. 

4. The temperature of an iron rod increases along the rod in 
accordance with equation (1) of Art. 8. At a point 20 inches from 
the end of the rod (x = 20 inches), the value of 7 is 240° C. 
Find the value of & and state the unit in terms of which k is 
expressed. Ans. 0.6 degree per inch per inch. 

5. Using the value of k from problem 4, find the temperature 
gradient (a) at the point where x = 5 inches and (6) at the point 
where z = 20 inches. Ans. (a) 6 degrees per inch, (b) 24 degrees 
per inch. 

6. (a) Find the average temperature gradient along the iron 
rod of problem 4 between x = 0 and x = 20 inches. (6) Find 
the average temperature gradient between xz = 10 inches and 
a =1linches. Ans. (a) 12 degrees per inch, (6) 12.6 degrees per 
inch. 

9. Arbitrary variations.—One of the most important things in 
calculus is to consider how fast such an expression as 2” or 2z* or 
sin z changes when z is arbitrarily assumed to grow steadily in 
value. Such variations may be called arlitrary variations. The 
very great importance of arbitrary variations will be understood 
when the student reaches Arts. 22 and 23. 

10. A purely algebraic example of an arbitrary variation.— 


Having given the equation 
y = ax? (1) 


Aa ; A 
let it be required to find the limiting value of the quotient = 


when the arbitrary increment of z, namely Az, approaches zero. 
Writing y+ Ay for y and writing ++ Az for z in equation 


(1) we have 
y + Ay = a(x + Az)? (2) 


or 
y + Ay = ax? + 2ax-Ax + a(Az)? (3) 


whence, subtracting equation (1) from equation (3) member by 


10 CALCULUS. 


memper, we have 


Ay = 2ax-Ax + a(Az)? (4) 

and dividing both members by Az we have 
re = 2ar + a-Ax ~ (5) 
But a-Az approaches zero when Az approaches zero, and there- 
fore it is evident that the limiting value of = is 2ax. The 
limiting value of a is always represented by ou Therefore we 

have: 

4 = Jax (6) 


11. Two more purely algebraic examples of arbitrary variations. 
—(a) Having given the equation 


y = ax (1) 
let it be required to find the limiting value of rd when the arbi- 


trary increment of x approaches zero. Writing y+ Ay for y 
and writing «+ Az for x in equation (1) we have 


y + Ay = a(x + Ax)® (2) 
y + Ay = aa + 38ax?-Ax + 3ax(Azr)? + a(Azx)3 (3) 


or 


whence, subtracting equation (1) from equation (3) member by 
member, we have 


Ay = 3ax?-Ax + 3ax(Ax)? + a(Azx)3 (4) 
or 
Ay 


ieee 3axz* + 3ax-Ax + a(Az)? (5) 


Now 3ax-Azx and a(Azx)? both approach zero when Az approaches 


zero, and therefore it is evident that the limiting value of Ay is 
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sax’; that is, 
dy _o 42 
cas 3ax (6) 
(b) Having the equation 
a 
| ect (7) 
let it be required to find the limiting value of a when the arbi- 


trary increment of x approaches zero. Writing y+ Ay for y 
and writing x-+ Az for x in equation (7) we have 


a 
x + Ax (8) 


y + Ay = 


Subtracting equation (7) from equation (8) member by member, 
we have 
a a 
es + Ar ¢& (9) 


Reducing the two fractions to a common denominator we have: 


a-Ax 
“UB fade oo 
whence 
AY frien Oo 
Ac 2+2-Ar (11) 


but 2? + 2-Az approaches 2? as its limit when Az approaches 


te ANY] 7 ; 
zero, and therefore the limiting value of = is — & ; that is: 


Ue sot aa 2 
die x? cy 
The derivative oy is sometimes called the rate of change of y 


with respect to x. 
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PROBLEMS. 


The following problems can be solved by the methods employed 
in Arts. 10 and 11. In each case find the rate of change of y 
with respect to 2. 


l. y = az, wt — a, 
dy 
— 5 ED a 4 
2. y = ar’, pe 5axt. 
3.y=me+n EN ae he 
; dx 
ae dy 
4.y = ar*?+ br-+ 6, dg = 20% + 6. 
dy 
5. y = ax* + ba’, de 7 Oat + Abe. 
ine @ dy _ _ 2a 
a a dcr Weas 
_2@ a 
Rod rat deat’ 
Sy = a dy _ — a(2br + 1) 
: ba? + a’ dx —s (ba? + x)? 
3v dy 9 
y= oY See ees 
oS 2+ 3! dx (2+ 3)? 
ax dy ab 
10. SS eter = 
Pe cai! dz (—2)* 
22 — 5 dy 9 
iM, y= ais 
pomer out dz ~ +22" 
x dy z+il 
12 = ——_—_. me ee ees a 
4 File)? dex (2 — 193" 


12. Functions.—When a spring is subjected to a stretching force 
F, a certain elongation e is produced as shown in Fig. 2. For 
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every value of e there is a definite corresponding value of F. When 
two quantities are associated in this way either one is said to be a 


been Mad yy: 


The elongation of the spring is a function of the stretching force. 


function of the other. Thus the elongation e produced by a 
given force F in Fig. 2 is a function of F; or the force F re- 
quired to produce a given elongation e is a function of e. The 


ae) eae 
x 
' 
i 
f area = I* area =1 w 
{ 
4 
, 
he 
Fig. 3. Vig. 4. 
The area of a square is a The area of a rectangle is a 
function of length of side. function of length and width. 


meaning of the word function is further illustrated by Figs. 3, 4, 5, 
6, 7 and 8. 


13. Dependent and independent variables.—If 1 in Fig. 3 is 
assumed to be arbitrarily variable it is called an independent 
variable, and the area of the square is called a dependent variable, 
because its value is determined or fixed when the value of J is 
given. The quantity of air pumped into the cylinder in Fig. 7 
may be as much as one pleases, the temperature of the cylinder 
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and air may be increased or decreased at will, and the volume of 
the cylinder may be changed by moving the piston. Therefore 


thermometer 


SQ 
() pressure 
gauge 


gs Gir wee 


{| eer 
Fig. 5. Fig. 6. 
The pressure of the air is a function of The pressure of the air in the 


the amount of air pumped into the tire. vessel is a function of the amount 


of air pumped into the vessel and of 
the temperature. 


the three quantities, (2) quantity of air, (6) temperature of the air, 
and (c) volume of space occupied by the air are called independent 
variables, and the pressure of the air is called a dependent variable, 


fi 
i 


tH 
\4 


thermometer 4 ja 


pressure 


The pressure of the air in the cylinder is a function of (a) the amount of 
air pumped into the cylinder, (b) the temperature, and (c) the volume of 
the space occupied by the air. 
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because its value is fixed or determined when the quantities (a), 
(b) and (c) are given. 

From this discussion it is evident that a dependent variable 
may be a function of one, two, three or more independent variables. 


14. Natural functions and artificial functions.—We have hereto- 
fore taken the point of view that two quantities must be connected 
physically if either is to be a function of the other. Such a function 
may be called a natural func- 
tion. It is, however, of very 
great importance to consider func- 
tional relations which grow out 
of Or are expressed by algebraic 
equations. Such functions may 

be called artificialfunctions. Some 

idea of the importance of artificial —--x -—-3 

functions may be obtained by Fig. 8. 

looking back at Articles 4 and 6, : : ‘ 
‘ Theordinate of a pointon a curve is 

and 7 and 8. Natural functions a function of the abscissa of the point. 

can be in many cases expressed 

algebraically; indeed no function can be handled in calculus unless 

the function is expressed algebraically. 

15. Tabulation of a function—When one quantity is a function 
of another it is often convenient to express the functional relation 
by means of a table giving pairs of corresponding values of the 
two quantities. An ordinary table of logarithms is such a table, 

‘a table of sines or cosines is such a table, the mortality table* 
used in life insurance is such a table. 

When a functional relation is determined by experiment the 

* If one were to consider all men in the United States who are now forty 
_years of age and keep a future record of their deaths one would find that their 
average age at death would be, say, sixty-five years. This is expressed by 
saying that the expectancy of life at forty years is twenty-five years, because 
on the average a man forty years old may expect to live twenty-five years. 
The expectancy of life is, of course, less and less with increasing age, and there 
js a definite expectancy of life corresponding to each age. That is, expectancy 
of life is a function of age. 


Fig. 9. 
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observed quantities are always 
arranged in tabular form. For 
example Fig. 9 represents an am- 
meter arranged to measure the 
electric current flowing through a 
coil of wire, and a spring scale ar- 
ranged to measure the force with | 
which an iron plunger is pulled into 
the coil; and the accompanying 
table shows a series of observed 
values of current in amperes and the 
corresponding pulls in pounds. 


OBSERVED RELATION BETWEEN CURRENT AND PULL IN 


Current in 
Amperes. 


1.0 


FIG. 9. 


Pull on Plunger 
in Pounds, 


3.9 
23.6 
40.0 
48.1 


16. Graphical representation of a function.—The relation be- 


tween the pull of the spring 
and the reading of the am- 
meter in Fig. 9, as shown in 
the table of Art. 15, may be 
represented graphically by 
a curve of which the ab- 
scissas represent ammeter 
readings and of which the 
ordinates represent corre- 
sponding readings of the 
spring scale. Such a curve 
is shown in Fig. 10. In the 
same way an algebraic func- 


amperes 
Fig. 10. 


tion may be represented graphically. Thus the curve in Fig. 11 
represents the function y = 2°. 
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17. Derivative of a function—Let y bea function of x and 
let Ay be the increment of 
y due to an arbitrary incre- 
ment of x. Then the lim- 
iting value of the quotient 
a as Az approaches zero 
is called the derivative of y 
with respect to x or the rate 
of change of y with respect 
fona.* 

When one wishes to speak 
in general terms of any func- 
tion of x and its derivative, 
the function may be repre- 
sented by f(x) or by ¢(z) Fig. 11. 
and the derivative of the 
function with respect to x may be represented by f’(x) or by ¢’(2). 


Meaning of a derivative—Let y beafunctionof «x and let x 


be assumed to grow steadily at a definite rate, then y grows wy 


times as fast as x at each instant. For example, let y = 2’; then 


wy = 2x, according to Art. 10, and the following relations exist: 

y increases 2x(= 20) times as fast as x while x is passing through the 
value x = 10, 

y increases 22(= 22) times as fast as x while x is passing through the 

; value x = 11, 

y increases 27(= 24) times as fast as x while xz is passing through the 
value x = 12, 


etc., etc., etc. 
1 dy 1 A 
As another example, let y = ey then yer ore according to 


Art. 11, and the following relations exist: 
* Sometimes also called the differential coefficient of y with respect to x. 
3 
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y decreases e (= i) as fast as x increases when x is passing through the 


value 2, 
y decreases * ( = 5) as fast as x increases when z is passing through the 
value 3, 
etc., etc., etc. 


dy 
dx 
The derivative of a function of x is itself a function of x. 
dy 


—If y = az’, then eae 2ax, according to Art. 10. In this case 


A negative value of shows that y decreases as x increases. 


it is evident that is a function of x because it is equal to 2axr 


and it has a definite value for every value of x. If f(x) represents 
any function of x, then its derivative f’(x) is in general a function 
of x also. 


18. Graphical representation of derivative. Slope of a curve 
ata point.—Consider the curve CC, Fig.12. This curve represents 


Fig. 12. 


a definite function, that is, the ordinate y is a definite function of 
the abscissa x, the point p being anywhere on the curve. If x 
is increased by the amount Az, then y will be increased by the 
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amount Ay as shown, and the ratio ae is equal to the tangent of 


the angle a. 

Draw the line t# touching the curve at p as shown. As Ar 
approaches zero the angle a becomes more and more nearly 
equal to the angle @, in fact @ is the limiting value of a, and, 


Ay. dy 


of course, the limiting value of Reel ge Therefore, since 


A ; : 
tana = = , we must have tan@ = oy That is, the function y 


being represented by the ordinates of a curve, the derivative a UES 


represented by the steepness or grade of the curve at each point. 


19. Derivative notation and differential notation.—Consider the 
function 


y = ax? (1) 
of which the derivative is: ; 

dy _ 

es 2ax (2) 
Heretofore we have looked upon a as a single symbol the mean- 


ing of which is explained in Art. 17. Convenience of notation 
sometimes makes it desirable to write equation (2) thus: 


dy = 2ax-dx (3) 


_ This equation expresses the limiting relation between the incre- 
ments Ay and Az, that is to say, the relation which is approached 

“as Ay and Az both approach zero; dy is called the differential of 
y (that is to say, the differential of ax’, because y here stands for 
az), and dz is called the differential of x. These two differentials 
may be thought of as indefinitely small increments of y and z 
respectively.* 

* When y = ax? we have 
Ay = 2ax - Ax + a(Az)? 

| according to Art. 10. That is to say, the increment of y is not equal to 

2ax times the increment of x unless both increments are indefinitely small. 
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Or, if one wishes to think of dy and dx as having a physical 


: : d 
meaning they may be thought of as abbreviated expressions for a 


and x respectively, that is, dy may be thought of as the rate of 
change of y and dz may be thought of as the rate of change of =. 


PROBLEMS. 


1. A pail is 10 inches in diameter, so that the volume of water in 


a x, where z is the depth of the water in the 


the pailis y = 


pail. Find how fast water must be poured into the pail to cause 
the water level to rise at a velocity of 4 inches per second. Ans. 
1007 cubic inches per second. 

2. Water flows at a constant rate of 30 cubic inches per second 
into a metal cone of which the dimensions are as shown in Fig. p2. 
Find the velocity at which the water level rises 
(a) when x = 5 inches, and (6) when zx = 15 
inches. Ans. (a) 2.715 inches per second, (6) 
0.302 inch per second. 

3. The sides of a square are growing at the 
rate of 5 inches per second. Find the rate of 
growth of the area of the square (a) when 
the sides of the square are 10 inches and (b) 
when the sides of the square are 20 inches. 
Ans. (a) 100 square inches per second, (6) 200 
square inches per second. 
eet 00 ba 4. The radius of a circle is growing at the 
rate of 5 inches per second. Find the rate of 
growth of the area of the circle (a) when the 
radius is 10 inches and (6) when the radius is 20 inches. Ans. (a) 
1007 square inches per second, (6) 2007 square inches per second. 

5. The edges of a cube are growing at the rate of 5 inches per 
second. Find the rate of growth of the volume of the cube when 
the edges are 10 inches long. Ans. 1,500 cubic inches per second. 


x 
a Gnahact | sate at irre = 
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6. Air is blown into a soap bubble at the rate of 10 cubic inches 
per second. Find the rate of increase of the radius of the bubble 
when the radius has the values (a) 1 inch and (b) 4 inches. Ans. 
(a) 0.795 inch per second, (b) 0.050 inch per second. 

7. A man 6 feet tall walks at a speed of 4 miles per hour under 
a lamp which is 10 feet from the ground. Find how fast the tip 
of the man’s shadow travels when the horizontal distance from 
the lamp to the man is 20 feet. Ans. 6 miles per hour. 

8. The two sides of a right angled triangle are 40 inches and z, 
and the hypothenuse is y. The side z is growing at the rate of 
5 inches per second. How fastis y growing when x = 30 inches? 
Ans. 3 inches per second. 

9. The two sides of a right angled triangle are x and y, and 
the hypothenuse is 50 inches. The side x is growing at the rate 
of 4 inches per second. How fast is y growing (a) when x = 30 
inches, and (b) when z = 40 inches. Ans. (a) 3 inches per 
second. (6) 5.33 inches per second. 

10. The observed temperatures of a vessel of cooling water after 
1 minute, after 2 minutes, and so forth are as follows: 


Elapsed Time in Minutes, Observed Temperatures, 
t. le 
0 92.0 
1 85.3 
2 79.5 
3 74.5 
5 67.0 
if 60.5 

10 53.5 
15 45.0 
20 39.5 


Plot these values of ¢ and 7, using the best grade of squared 


paper, draw a smooth curve through the plotted points, draw 
tangents to the curve at the points corresponding to (a) T = 80°, 
(b) T = 65°, and (c) T = 50°, and determine the rate of decrease | 
of the temperature at each point by measuring the intercepts 
of these tangents on the axes of reference. 
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11. Find for what values of z the function y = 62? — 12m is 
an increasing function and for what values of 2 it is a decreasing 
function. Ans. y is an increasing function when z is greater 
than 1, and a decreasing function when 2 is less than 1. 

12. Plot the values of x and y, where y = 2’, using the best 
grade of squared paper, draw a smooth curve through the plotted 
points, draw tangents to the curve at the points corresponding to 
z=1, «=2 and zx=83, and determine the corresponding 

dy 


values of Be by measuring the intercepts of the tangents on the 


axes of reference. Compare the values of ov thus found with 


the values as calculated from the formula ou = 32”. 

13. Plot the values of x and y where y = logwa. Take the 
values of logiox from an ordinary table of logarithms and use the 
following values of x: 2, 3, 4, 5,6, 7,8,9and10. Draw asmooth 
curve through the plotted points, draw tangents to the curve at 


the points corresponding to x = 4, x = 6 and x =8, and deter- 
mine the corresponding values of = by measuring the intercepts 


of these tangents on the axes of reference. Compare the values of 


au thus found with the values as calculated by the formula 


dy iM logio é my 0.4343 
caer 


20. Determination of limiting relation between Ay and Ax by 
consideration of infinitesimals.—The value of a is found in 


Arts. 10 and 11 as the sum of a finite quantity and a quantity which 
approaches zeroas Ax approaches zero. Thus when y = az* we 


found that au = daz* + 3ax-Ax + a(Az)?, in which 3a2? is a 


finite quantity and 3axz-Az + a(Ax)? is a quantity which ap- 
proaches zero as Az approaches zero. In such a ease it is very 
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easy to see what the limiting value of a must be. 


In many cases, }owever, it is desirable to find the limiting rela- 
tion between Ay and Ae when Az approaches zero without 
derwing an expression for = For example let y = az’. Then 


from Art. 11 we have: 
Ay = 3aa7-Ax + 3ax(Ar)? + a(Az)3 (1) 


Both members of this equation approach zero when Az approaches 
zero, and it would therefore seem rather difficult to determine 
the limiting relation between Ay and Az (when Az approaches 
zero) from this equation as it stands. But when Az is made as 
small as you please, then (Az)? is infinitely smaller than Az, 
and (Az)* is infinitely smaller than (Az)?. For example let Az 
be a millionth of a unit, then (Az)? is a million-millionth of a 
unit, and (Az)’ is a million-million-millionth of aunit. Therefore 
the terms 3ax-(Az)? and a(Az)? become more and more nearly 
negligible in comparison with 3az?- Ax as Ax grows smaller 
and smaller in equation (1). The limiting relation between Ay 
- and Az may be found by writing dx and dy for Az and Ay 
to indicate that we have proceeded to the limit, and by dropping 
every term which contains the square or any higher power of 
Ax (or the square or any higher power of Ay). This gives 


dy = 3a2?-dx (2) 


In this equation dy and dz are as small as you please and they 
are called infinitesimals; but (dy)? and (dz)? being infinitely 
smaller than dy and dz are called infinitesimals of the second 
order, (dy)? and (dz)? being infinitely smaller than (dy)? and 
(dx)? are called infinitesimals of the third order, and so on. In any 
differential expression the lowest order infinitesimals, only, are 
significant; all terms containing higher order infinitesimals as factors 


may be dropped. 
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Example 1.—Let it be required to differentiate the expression 


= Oa (3) 


that is to say, let it be required to determine the relation between 
Ay and Ax when Az isassmallas you please. Writing (y + Ay) 
for y and writing («+ Az) for xz, we have 


y? + 2y-Ay + (Ay)? = az? + 3ax?-Ar + 3ax(Az)? + a(Ax)* (4) 


whence, subtracting equation (3) from equation (4) member by 
member, we have 


Qy-Ay + (Ay)? = 3ax?-Ax + 3ax(Ar)? + a(Az)3 (5) 


from which the desired limiting relation is found by dropping 
second and third order infinitesimals, so that we have: 


Qy-dy = 3ax?-dx (6) 


The value of y from equation (3) may be substituted in equation 
(6), giving: 
2Vax?-dy = 3aa?-dx (7) 


which can be simplified by cancellation, giving: 
dy = &Vax-dzx (8) 


This dropping of higher order infinitesimals from differential expres- 
sions does not lead to merely 
approximate results, because in 
every case it is the limiting rela- 
tion between Ay and Az which 
is to be determined, that is, the 
relation when Ay and Az are both 
as small as you please. Equation 
(8), for example, is rigorously true. 


Example 2. Differential of the 
arc of a parabola.—The length s of 
the heavy portion of the curve cc, 
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Fig. 13, from «=b tox =z isafunction of x, and from the in- 
finitesimal triangle whose sides are dz, dy and ds we have 


ds = V(dx)? + (dy)? (9) 


ds= Jit (2). dx (10) 


For example suppose the curve cc, Fig. 13, to be a parabola whose 
equation is: 


or 


y = kx? (11) 
then 
dy = Wiis (12) 
ade 


which, substituted in equation 10, gives: 
ds = V1 +4 4k’x?- dx (13) 


21. Functions which have the same derivative—The curve A, 
Fig. 14, defines y’ asafunction of x, andthe curve B defines y 


as a function of x. The steepness or grade of curve A is every- 
where the same as the steepness or grade of curve B, that is, the 
dy 


/ 
_ derivative ov is equal to the derivative oi for each value of z, 
2 
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or expressed as an equation we have 


dy’ _ dy 1 
dx dz (@) 


From the figure it is evident that the difference y’ —y is 
everywhere equal to the constant quantity C. Consequently 
when equation (1) is true we have 


y’ — y = a constant (2) 


That is to say, two functions whose derivatives are equal have a 
constant difference. 


Examples.—When two men save money at the same rate there 
is a constant difference between the amounts they have saved; 
or, if they start even, their savings are equal. When two trains 
travel at the same speed they remain at a constant distance apart. 
The two functions az? and az?+ b have the same derivative 
with respect to x, b being a constant. 


22. Example showing the use of calculus. Work required to 
stretch a spring.—Let W be the work required to stretch a spring 
from condition A tocondition B, Fig. 2. It isevident that W 
is a function of e, and it is desired to find an algebraic expression 
for this function; that is, it is desired to find an equation expressing 
W interms of e. Todo this the first step is to find an expression for 


the derivative oO by considering the amount of work AW that 


must be done to produce a slight additional elongation Ae. 


The force F in Fig. 2 is, according to Hooke’s law, proportional 
to e; that is, 


F = ke (1) 
where k is a constant. 

Imagine the force F to be increased by the amount AF sc 
that the elongation would be increased by the amount Ae. 
Then the work done would be greater than F-Ae and less than 
(F + AF)-Ae because the average value of the force which acts 
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on the spring while the added elongation Ae is being produced is 
greater than F and less than # + AF. Therefore 


AW is greater than F - Ae (2) 
and 
AW is less than (F + AF) - Ae (3) 


whence, dividing by Ae, we have: 


oe is greater than F and less than F + AF (4) 


A Arte Pegi 
Therefore AY approaches F as its limit as AF (and also Ae) 


approaches zero. That is, 
dW 
= (5) 


Ke (6) 

Now in Art. 10 it is shown that az? is a function whose derivative 
is 2ax. Therefore: 

ae? is a function whose derivative is 2ae (7) 

Therefore, substituting k = 2a (or a = 3k) in (7) we have: 

tke? is a function whose derivative is ke (8) 


The work W is also a function whose derivative is ke, according 
to equation (6). Therefore, according to Art. 21, we must have 


W = =k? + C (9) 


where C is aconstant. To determine the value of the constant 
C we must know the value of W for some particular value of e, 
- and of course we know that W = 0 when e = 0, that is, no work 
is required when the spring is not stretched at all. Therefore, 
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substituting this pair of values of W and e in equation (9), we 
have 


0=C (10) 
Substituting this value of C in equation (9) we have 
W = ke (11) 


which is the desired expression for the work W. 


23. Another example showing the use of calculus. The area 
under a parabola.—The curve cc, Fig. 15, represents a parabola 
of which the equation is: 


y = px (1) 
and it is required to find an expression for the area A. 
Imagine the value of x in Fig. 15 to increase by the amount Az, 


Fig. 16. 


then the increment of A is the area of the narrow strip in Fig. 16. 
The width of this strip is Ax and its height is y (= pz?). There- 
fore 


AA = pa?-Ax 
whence : (2) 
AAs 
Are (3) 


Now the width Az in Fig. 16 must be infinitely small in order 
that the height of the strip may be considered to be equal to 
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y (= px’). That is, we have already proceeded to the limit in writing 
down equation (2), and it is evident that equation (3) gives the 


limiting value of af Therefore we have 


ae 7 Pt (4) 


In Art. 11 it was shown that: 


ax? is a function whose derivative is 3az? (5) 
Therefore substituting 7? 3 for a we have: 
3px is a function whose derivative is pz? (6) 


The area A is also a function whose derivative with respect to 
x is px according to equation (4), and therefore, according to 
Art. 21, we must have: 


A= 3pt4+C (7) 


where C isaconstant. To determine the value of the constant 
C we must know the value of A for some particular value of z. 
An inspection of Fig. 15 shows that A = 0 when x =1. There- 
fore, substituting this pair of values of A and 2 in equation (7) 
we have: 
0= 3pF + C (8) 
so that 
C= 30F (9) 


Substituting this value of C in equation (7) we have: 
A = 3px — 3pl (10) 


which is the desired expression for the area A in Fig. 15. 

It is to be noted that z is a variable in the above discussion 
because we have arbitrarily made it vary in the derivation of 
equation (4), whereas p and J are both constant. 
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PROBLEMS. 


In each of the first six following problems, find the rate of 
change of y with respect to 2. 


dy _1.,)8 
1. y? = 32, ie DINE 
dy sae) 


204 = 00 — 37, 


dx Vax8 — 32° 
dy 4ax + 3 


3. ys = 2ax? + 32, ae Oi eee 
4.y=a— 2, oe 


7. The volume V of a cone of which the half-angle at the apex 
is 30° is a function of the altitude x of the cone. Set up the 

Lenya Vibe de, 
derivative ae Ans. a ae 

8. Set up the derivative of the area A of the curved surface of 
the cone of problem 7 with respect to x. Ans. “ = $ra. 

9. The volume V of a cone of which the half-angle at the apex 
is 30° is a function of the slant height x of the cone. Set up the 

Pee OK CVS RENN 
derivative de Ans. p hier age 

10. The kinetic energy W of a disk of steel rotating at n 
revolutions per second is a function of the radius r of the disk. 


Set up the derivative x the thickness of the disk being 10 


centimeters. Ans. om = 789rn?r3 


DIFFERENTIAL AND INTEGRAL CALCULUS. 3] 


Note.—The density of steel is 7.8 grams per cubic centimeter and the 
kinetic energy of a particle in ergs is }mv2 where m is the mass of the particle 
in grams and v is the velocity of the particle in centimeters per second. 


11. The shaded area in Fig. p11 is a function of the angle @. 
Find the derivative of the area with respect to 6, the angle @ being 
expressed in radians and the equation of the curve cc being 
r = k@+b, where & and 6 are constants. . 

Ans. . = 3(ké@ + 6). 

12. The length of the are s in Fig. pl2 is a function of the 


‘ 


Fic. pli. Fia. p12. 


angle 6. Find the derivative of s with respect to ¢ the equation 
of the curve cc being as givenin problem1l. Ans. e = Vie + 7. 
24. The differential equation. Law of growth of a function.— 
Let y be an undetermined function of x concerning which it is 
known that y increases 2ax times as fast as x. This property 
of the unknown function may be expressed by the equation: 
ou = 247 (1) 
This equation expresses the law of growth of the function y; the 
independent variable x being assumed to grow steadily in value. 
Any equation which expresses the law of growth of a function is 
called a differential equation. 
Examples. (a) A man A saves money at a constant rate.* 
This statement is a verbal expression of a differential equation. 


* Money saved is here assumed to be a continuous variable. See Art. 5. 
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To reduce the statement to algebra, let y be the amount of money 
saved by A, then the above statement is equivalent to . 


dy _ 
it ani (2) 


where k is a constant. 

(b) One man A saves money twice as fast as another man B. 
This statement also is a verbal expression of a differential equation. 
To reduce it to algebra let y be the amount of money saved by A 
and let x be the amount of money saved by B. Then while B 
saves Az dollars A must save twice as much according to the 


above statement. Therefore Ay = 2Az or af == 2. OF 


dy 
de (3) 

(c) Equation (6), Art. 22, is a differential equation, and equation 
(4), Art. 23, is a differential equation. 

25. Differentiation and integration.—The finding of the deriva- 
tive of a function as exemplified in Arts. 10 and 11 is called dif- 
ferentiation. 

Let y be an unknown function of x which is known to in- 


crease 2az times as fast as x. That is tosay, it is known concern- 
ing y that 


Sao 2ax (1) 


Now when one has previously found that az? is a function of x 
whose derivative is equal to 2ax one is able to recognize that the 
unknown function y whose law of growth is given by equation (1) 
must be equal to ax + C, where C is a constant, as explained in 


Art. 21. This recognition of a function from its derivative is 
called integration. 


Symbol of integration—Let y stand for az?+ C, then 


dy 
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that is to say, 
the derivative of (ax? + C) is equal to 2ax (2b) 


Or, using the differential notation which is explained in Art. 19, 


we have 
dy = 2ax-dx 2 
that is to say, ce 


the differential of (ax? + C) is equal to 2axr-dx (2d) 


All of these equations (2a), (2b), (2c) and (2d) express the same 
thing or the same relation, and this relation may be expressed in 
an inverse manner by saying: 


(az? + C) is the integral of 2ax-dx (8a) 
or, in symbolic notation: 
avze+ C= Sf 2ax- de (3b), 
The symbol ff means integral of. The undetermined constant 
C is called the constant of integration. 


A differential equation does not completely determine the func- 
tion whose law of growth it expresses.—This is evident when we 
consider that the function y-+ C has the same derivative (the 
same law of growth) whatever the value of the constant C may be. 

Thus the amount of a man’s savings cannot be calculated when 
his rate of saving alone is known; one must know also how much 
money the man had on a given date. Thus a man who had $1,000 
on January 1, 1912, and who saves $10 per month would have 
1,000 + 10m dollars at any time m months after January 1. 
The amount of a man’s savings is completely determined as a 
function of elapsed time by knowing (a) his rate of saving and 
(b) how much he had on a given date. 

In general a function y is completely determined* by knowing 

* This statement will have to be modified when we come to consider dif- 
ferential! equations of higher orders, and when we come to consider partial 
differential equations. 

4 
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(a) its law of growth and (6) its value corresponding to any given 
value of the independent variable x or ¢ as the case may be. 
This matter is fully illustrated in Arts. 22 and 23. 


26. Indefinite integrals and definite integrals—Let y be a 


; AAP gt d 
function of x concerning which nothing is known except that a 
is equal, say, to 2ax; or, using differential notation, we know that 
dy = 2ax-dx (1) 


Then according to Arts. 10 and 21 we know that y must be given 
by the equation: 


y=ar+C (2) 


where C is aconstant which may have any value whatever. This 
equation (2) expresses what is called the indefinite integral of equa- 
tion (1). 

Let it be required to find the growth of y while x grows from any 
gwen value 1 to any other given value L. This growth of y is 
called a definite integral of equation (1), and the two given values 
of x are called the boundaries or limits* of the definite integral. 

Now, according to equation (2), we have y = al?+ C when 
x=l, and y=al?+C when x=UZL; and the difference 
between these two values of y, namely, aL? — al?, is the desired 
growth of y from « =1 to x = L. That is, the definite integral 
of equation (1) between the boundaries or limits = 1 and « = L 
is equal to aL? — al?. 


Examples of definite integrals——Consider the area A under 
the parabola in Fig. 15. The differential of this area is 
dA = px?-dx (3) 
and the value of the area is 


A = 3px? — 4pP (4) 


* The word limit as here used has a very different meaning from the word 
limit as used in Arts. 4 and 7, 
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as explained in Art. 23. Now equation (4) is the definite integral 
of equation (3) from «=1 to =a (meaning any value of x 
whatever). 


Symbolic representation of a definite integral—The usual 
method of expressing a definite integral is 


A= { pet-ds (5) 


where A is the area under the parabola in Fig. 15, the differential 
of A being given by equation (3) above. 

Similarly, the work W required to stretch the spring in Fig. 2 
is found as a definite integral in Art. 22, and to express W sym- 
bolically as a definite integral we write 


W = S‘he-de (6) 


The value of this definite integral is $ke? as explained in Art. 22. 


27. A definite integral interpreted as the limit of a sum.—Imagine the 
area A of Fig. 15 to be divided into narrow strips as shown in Fig. 17, the 
width of successive strips being represented by successive increments Az 
of x, starting at x =/ and extending to any given value of x. This given 
value of x is represented by JL in Fig. 17, because it is now desirable to 
think of zx as having various intermediate values (between x =J1 and 
cy = DY 

The width of any strip is Az and its altitude is px’, where «x is the 
distance of the particular strip from the y-axis. Therefore the area of the 
strip is px?- Az and the sum of the areas of all the strips is more and more 
nearly equal to the area A of Fig. 15 as the number of the strips is made greater 
and greater. 

The area A is equal to ff Pint + dx as explained in Art. 26, and the sum 


L 
of all the strips in Fig. 17 may be represented symbolically as Spo - Aa. 
When the number of strips is made greater and greater (successive increments 


ve, i 
Ax made smaller and smaller) then pz? + Ar approaches J px-dx as 
i 


GL ia, 
a limit. That is, the limit of = pa - Ag is if pu - dx. 
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28. Plan of this treatise.—The application of calculus involves 
three important things. Thus in Art. 22 the following three things 


are involved: (a) The finding of the derivative ay by making use 


of fundamental principles in physics, (b) the becoming familiar 
with the derivative of az? in Art. 10, and (c) the substitution of 
14 for a and e-for x so as to get a known function whose deriva- 
tive is ke. 


The application of calculus 
in engineering involves these 
three steps in nearly every 
case, and the following devel- 
opment of calculus consists of 
three parts (more or less inter- 
mingled) as follows: 

(a) The setting up of de- 
rivative expressions (differen- 
tial equations) with the help 
of fundamental principles in 
physics. 

(b) The study of derivatives 
of algebraic functions; and 

(c) Practice in transforming derivative expressions to standard 
forms for purposes of recognition. 

The most important branches of calculus which do not fall into 
this outline are the discussion of maximum and minimum values of 
functions and the expansion of functions in series 

A table of functions and their derivatives* is given in Appendix B. 
The student should get into the habit of referring to this table. 


PROBLEMS. 


1. A force of 100 pounds produces 4 inches of elongation of a 
spring. Find the value of k in equation (1) of Article 22, and 
express the unit in terms of which & is found. Ans. 25 pounds 
per inch. 


* Or of differential expressions and their integrals. 
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2. Using the spring referred to in proolem 1, find the work 
required to produce (a) an elongation of 2 inches, and (6) an elonga- 
tion of 4 inches. Ans. (a) 50 pound-inches, (b) 200 pound-inches. 

3. Using the spring referred to in problem 1, find how much work 
is required to increase the elongation from 3 inches to 4 inches. 
Ans. 87.5 pound-inches. 

4. Consider the parabola y = 227. Find the area under this 
curve between ordinates at « = 2 and += 10. Ans. 664.7. 

5. Find an expression for the area under the curve y = qx 
between an ordinate at x = a and the ordinate corresponding to 
any abscissa x Ans. A = 3qx? — }qa?. 


CHAPTER II. 
FORMULAS FOR DIFFERENTIATION AND INTEGRATION. 


29. Differentiation by development and differentiation by rule. 
—Throughout the previous chapter the derivative of a function 
(as in Arts. 10 and 11) or the differential of a function (as in Art. 


20) is determined by developing an expression for a orfor Ay, 


and considering the limiting form of this expression as Ay and 
Ax approach zero. This is the fundamental method of differentia- 
tion. It is possible, however, by means of this fundamental method 
to establish a few rules which enable one to write down the derivative 
or differential of almost any algebraic function. It is the object of 
this chapter to establish these rules and give examples of their use. 
Differentiation may be defined in general as the finding of the 
rate of change of a function. Thus problem 10 on page 21 illus- 
trates what may be called graphical differentiation. And to de- 
termine a rate by actually measuring the change which takes 
place in a given time may be called physical differentiation. ‘Thus 
the speed of a runner is determined by measuring the distance 
traveled by the runner in a given time, or rather by measuring 
the time required for the runner to travel a given distance. 
To determine the rate of supply of water by a small spring is 
to “differentiate the spring”? and the simplest method is to 
make the differentiation by means of a dipper and a dollar watch. 
30. Differentiation of ax”.—Let 
Then a m0 
dy = nax""!-dx (2) 
for any value of n. We shall here prove equation (2) when n 
is a positive integer.* 


* A general proof is given in Art. 39. 
38 
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Proof.—Writing y + Ay for y and writing «+ Az for x in 
equation (1) we have: 
y + Ay = a@ + Az)" (3) 


When 7 is a positive integer (x + Az)” can be expanded by the 
binomial theorem,* and we have 

— n—2 2 

y + Ay = az” + naz™!- Ax + Ue ae) 


1-2 


+ etc. (4) 


Subtracting equation (1) from equation (4), member by member, 
we have: 

<< n—2 2 

Se SE 4 tn Lax**(Az) 


1-2 


+ ete. (5) 
Whence, writing dy for Ay and dx for Az, and dropping in- 
finitesimals of second and higher orders, we have: 

dy = nax""-dx (2) 


31. Differentiation of the sum of two or more functions.—Let 
wu and v be any two functions of z, and let 


y=u+v (1) 
Then 
dy = du + dv (2) 
or, using derivative notation, 
dy _ du, dv 
xs dx dx (3) 


Proof.—It is evident that the increment of y is equal to the 
sum of the increments of u and v, thatis, Ay = Aw + Av; and 
this is true however small the increments may be. Therefore 
when the increments are infinitesimal we have dy = du + dv. 


* The binomial theorem is: 


va a nab , n(n — 1l)a™b? , n(n — 1)(n — 2)a"b3 
(a+b) =a piers 0 1-2 1-303 + ete. 


When 7n is not an integer this becomes an infinite series, and an infinite series 
cannot be used in a mathematical argument unless the question of its con- 
vergence is carefully considered. See Art. 35. 
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Also it is evident that 


and this is true however small the increments may be. Therefore 
when the increments are infinitesimal we have 


dy _ 
dx aa di 
Explanation The fact which is expressed by equation (3) is 


extremely simple and it is self-evident when it is expressed in 
familiar terms as follows: The amount of money earned by one 


man is wu and his rate of earning is 2 dollars per day (- a) 


the amount of money earned by another man is v and his rate 


of earning is 3 dollars per day (= al . The money earned by 
dt 


both men together is w-+v and their combined rate of earning is 
5 dollars per day, which is the rate of change of (wu + v). 


32. The differentiation of the product of two functions.—Let 
u and v be any two functions of x, and let 


Vix uy (1) 
Then 
dy = u-dv-+v-du (2) 
Proof.—Writing y + Ay for y, 
u-+ Au for uw and 
v-+ Av for v in equation (1) we have: 


y + Ay = (u+ Au)(v + Av) (3) 
y + Ay = w + u-Av + v-Au + Au-Av (4) 


Whence, subtracting equation (1) from equation (3) member by 
member, we have 


Ay = u:Av + v-Au + Au: Av (5) 


But Aw-Av is a second order infinitesimal, and therefore when 


or 
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Au and Av approach zero we may drop Au-Av and we have the 
limiting relation: 
dy = u-dv + v-du 


Example—Let u=az?+bz, let v=cr?+1 and let 
y = (ax + bx)(cx? + 1). To differentiate this expression substi- 
tute the values of uw and v, and the values of 


du (= 2ax-dx + b-dx) and dv (= 8cz?-dz) 
in equation (2), and we have 
dy = (ax? + bx) X 3cx?-dx + (cx? + 1)(2Qax + b)-dx 


33. Differentiation of the quotient of two functions—Let wu 
and v be any two functions of x, and let 
u 


Yieee 7 (1) 
Then 
ie a (2) 
Proof.—From equation (1) we have 
_ ut du 


whence, subtracting equation (1) from equation (3) member by 
member, we have 


u+Au wu 

= —- 4 

Ay v + Av v (4) 

Reducing at and : to a common denominator, equation 

(4) becomes: 

v-Au — u-Av 

a 5 

Ay vo? + v-Av (5) 


But as Aw and Av approach zero the denominator approaches 
vas its limit. Therefore equation (5) reduces to equation (2). 
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Example.—Let it be required to differentiate the function: 


_ ax? + bx 
4 cat + d (6) 


Let wu = ax? + bx and let v = cx? +d. Substitute these values 
of wu and »v, and the values of du(= 2ax-dx + b-dx) and 
dv(= 8ca?-dx) in equation (2) and we get the desired result. 


34. Differentiation of a function of a function—Let y bea 


function of x and let z bea function of y. Then y changes a 


times as fast as x, and z changes e times as fast as y. There- 


dy 


fore it is evident that z changes = x os times as fast as 2. 


That is, 


dz dz. dy 
dx dy x ax wD) 
dy dz ig 
The symbols Ae and di are so cumbersome that the proposition 


upon which this equation is based is not easy to understand when 
it is stated as above. Reduced to its simplest terms the proposi- 
tion is as follows: If z changes 5 times as fast as y andif y 
changes 7 times as fast as 2, then z changes 5 X 7 times as fast 
as x! 


Example.—Let 
z= a(z*-+2-+ 1)8 
To differentiate this expression one can write y for 22+ 24 1. 


dz d 
Then z= ay’ and di = 3ay?. But i = 27+ 1. Therefore, 
dz 


using equation (1), we have ce 3a(a? + x + 1)2(Qx + 1). 


For problems see group 1 in the Appendiz. 
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DIFFERENTIATION OF LOGARITHM. 


35. Convergent series.—Before the derivative of logarithm of x 
can be found it is helpful to consider the two series of fractions: 


a Clad alice n 

1st series ee Les : 
2)4/8/16) 32 Qn 

9 ER URS ee 1 

2d series} =| =|—| = = 
2) 81/41/51 6 in 


where |n stands for the product of all positive integers from 1 
to n inclusive, factorial n, as it is sometimes called. 

The first series may be brought before the reader most distinctly 
by means of the following schedule: 


Fraction of original sum 
which is spent each day. 


Half of a sum of money is spent the first day......... 3 
Half of the remainder is spent the second day....... ri 
Half of the remainder is spent the third day...... $ 
Half of the remainder is spent the fourth day... +5 

etc., etc., ete. 


If one were to follow this schedule indefinitely the original sum 
of money would never be entirely spent, because there is always 
an unspent remainder; but the remainder would grow smaller 
and smaller, and the amount spent would approach, as nearly as 
you please, to the entire original sum. This is equivalent to 
saying that 4 ++4+%+214-+ etc. can never be equal to unity, 
but it can be made to approach unity, as nearly as you please, by 
adding together a larger and larger number of the successive 
fractions of the series. Such a series of fractions is called a 
convergent series, and the limit of 4 + 4+ 4-4 etc., as a greater 
and greater number of the successive fractions are included, is 
called the sum of the series. The sum of the series } + 4+ 5+ 
qs + ete. is unity. 

A series need not be convergent merely because the successive fractions of 
the series grow smaller and smaller. Thus 3 +43+4+%4+¢4 + etc. grows 
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larger and larger without limit as a greater and greater number of the successive 
fractions are included. Such a series of fractions is called a divergent series. 


5 t , x ? etc. is a convergent series 
it is sufficient to arrange the two ‘series, as in the following table, 


showing how each fraction is related to the preceding fraction 
in each series: 


To show that the series 


G b c d 
Ist series} 4 |Z ofa 3 1 of b| 3 of c | ete. 
2d_ series 4 of a| 4 of b| F of c | ete. 


Each fraction of the second series is equal to or smaller than 
the corresponding fraction of the first series. Therefore, if the 
first series is convergent, the second series must also be convergent. 

The particular series which is used in finding the derivative of a 
logarithm is 


e=1+ oe Be ade ita tete. (1) 


iL [3 4 | 


and this series is convergent because it is identical to the second 
series in the above table with the exception of the first two terms. 
The sum of this series, correct to seven decimal places, is: 


e = 2.7182818 (2) 

36. The limit of € + a) as Z approaches infinity.—This limit 

is important in finding the derivative of alogarithm. Letus assume 

that z is always a positive integer. In this case (1 + =) can 
be expanded by the binomial theorem,* giving: 


(1+ 2)'=14+G2G)+ pee - 06)’ 
fe 2(2— Ie — 2) (2) + ete. 


* See foot-note to Art. 30. Substitute a = 1,b = : and n =z, and we 
have equation (8). 


(3) 
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s412g(i-2ed(-)-2) +00 


But as 2 approaches infinity (1 — *), (1 ~ = ) ete, approach e 


unity, and therefore the limiting value of (1 + =) if as Zz ron 

infinity, is found by writing unity for each of the expressions 
1 2 : ; wea 

(1 _ *), (1 — *), etc., in equation (4), and when this is done the 


Dip h 


second member of equation (4) reduces to 1 + ait [2 ata By (4 oe 


etc. Therefore the limiting value of (1 + =) as 2 approaches 
infinity is 2.7182818, or e, as explained in the previous article. 


To prove that the limit of (1 + t ib is e when z approaches infinity, but 


when z ts not always a positive integer. Let s be any positive value whatever 
of z, andlet m bea positive integer such that z lies between m and m + 1, 


1\2 A 1\™ mt+1 
Then ¢ + =) lies between (1 +=) and (1 +oa4)" . Now as 
m m+ 
m approaches infinity ( 1+ 4 ) and ( 1+ —7) both approach 


e asa limit; and therefore ( 1+ a which is always between ( 1+ + Js 


and ( 


To show that ( 1+ =) approaches e asalimit when z approaches 


m+ 
;) , also approaches e as a limit. 


z af =H F 
negative infinity. Let <= —r. Then (1 + +) = (1 - =) where 2z is 
negative and r is positive. Now 

1 \ r—1\7 TeaNS 1 y 
[i ) =( r ) (4) bees 
i te 
= ee 
1 : Has apriey nnd 14+) 
but zt iy approaches unity as r BpprOBe es infinity an Pes 


AXeetl - 
= a TAK @ 
Ab ce | jw 
t 


4 


0 Lia 
7 ( Op WASUM*S et f 


(5) 
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approaches e as r approaches infinity. Therefore every member of equation 
- ; TI We 
(5) approaches e as r approaches infinity. Consequently (a + 7) ap- 


proaches e when z approaches negative infinity. 


PROBLEM. 


One dollar placed at compound interest for 10 years at 6 per 
cent. amounts to (1 + 0.06)!° dollars, when accrued interest is 
added to the principal once a year. If accrued interest is added 
to the principle n times per year, one dollar after 10 years would 

10n 
amount to (1 + om) . Find what one dollar would amount 
to after 10 years at 6 per cent. compound interest (a) when accrued 
interest is added to principle once per year, that is, when n = 1, 
(b) when n = 2, and (c) when accrued interest bears interest 
without any delay whatever, that is, when n= oo. Ans. (a) 
$1.791, (6) $1.803, (c) $1.822. 


CLOG a 1\7]¢ _ 
Note— ( 1 +=*) = [( +5) | where z = 0.06 and a = 0.6. 


37. Differentiation of the logarithm of x.—Let y be the number 
of times that a given number a must be multiplied by itself to 
give x. Then x =a", and y is called the logarithm of x to the 
base a. ‘The base of the common system of logarithms is 10, and 
the base of the Napierian system of logarithms is 2.7182818 or e. 
Napierian logarithms are used throughout this treatise except where 
it is otherwise expressly stated.* 


Let 
Then yee e 
dy = & 2) 
Proof.—Writing y + Ay for y and writing 2+ Ax for z in 


logio x 


* Napierian log « = ence 
10 
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equation (1) we have: 
y + Ay = log (& + Az) (3) 


whence, subtracting equation (1) from equation (3) member by 
member, we have: 
Ay = log (x + Ax) — log x (4) 
or 
Ay _ log(a + Ax)— log x 


Ax Ax (5) 


But log («+ Az) —logz is equal to log (-=*) or to 
Az \ . ‘ BD\ % Ag\ 
log (1+%); and nee log (1+ =) is equal to log (1+ a as 


Therefore equation (5) reduces to 


a = log (1 + Para (6) 
and this may be written 

ot = * log (1 i a) (7) 
or, writing 2 for oa we have: 

sb == log (1 +2)" (8) 


But, as Aw approaches zero z (-Z) approaches infinity, and 


the limiting value of (1 + *)' as z approaches infinity is e, as 


explained in Art. 36. Therefore as 2 approaches infinity equation 
(8) becomes: 
47 = 1 ° log e (9) 


But the Napierian logarithm of e is unity because e is equal to e¢’. 
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Therefore equation (9) reduces to 


cay or Epo 
x x 


Differentiation of log, x.—Let 


y = log.x (10) 
This means that 
Ci ae (11) 


Therefore, taking Napierian logarithm of each member of this 
equation, we have 

log x = yloga 
or 


-log x (12) 


ieee : 
where ion is, of course, a constant. Therefore, according to 


equation (1) and (2) we have 
d 1 dx _ log. e-dx 


a7 log. nx x (13) 
38. Differentiation of the exponential function.—Let 
y = Ae’ (1) 
where A and & are constants and e = 2.7182818. Then: 
dy = koe 
dx ~ BAe’ = ky (2) 


Proof.—Taking logarithms of both members of equation (1) 
we have 
log y = log A + ka (8) 


But the differential* of log y is o according to Art. 37. There- 


*It is very important that the student keep in mind what a differential is. 
The differential of logy is the infinitesimal increment of logy due to an 
infinitesimal increment, dy, of y. 


FORMULAS FOR DIFFERENTIATION AND INTEGRATION. 49 


fore, by differentiating, both members of equation (3) we have: 


dy 

—=k-dz 5 

: (5) 
whence equation (3) is obtained by solving for a ; and the value of 


y(= Ae*) may be substituted for y in the resulting equation. 
Differentiation of a**—Let 
ead (6) 


where a and k are constants. Taking logarithm of each member 
of (6), we have 


log y = kx loga (7) 
Differentiating we have ; 
ae k log a-dx (8) 
y 
Therefore, solving for eo and substituting the value of y from 
equation (6), we have: 
dy i ke — a 
dx ~ Kloga-a =k loga-y (9) 
PROBLEM. 


Given the logarithm of 2 to base 10 find the approximate 
value of logarithm of 2.01. Ans. 0.3032. 


Note.—Consider login x. The derivative of logiox multiplied by a small 
increment of zx gives the approximate value of the increment of logio x. 


39. General proof of equation (2) of Art. 30.—Let 
y = az" (1) 


where n has any value, integral or fractional, positive or negative. Taking 
logarithms of both members of (1) we have: 


logy = loga + nlog x (2) 
Differentiating, we have . 
y a 
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loga being a constant. Substitute ax” for y in this equation and solve for 
dy, and we have 


dy = nax""-dz (4) 
For problems see group 2 in the Appendiz. 


DIFFERENTIATION OF TRIGONOMETRIC FUNCTIONS. 
sin ¢ 


40. Limit of as ¢ approaches zero.—It is a fundamental 


x principle in geometry that if a 
\ polygon of n sides be inscribed 
in a circle,* the sum of the 
\ P sides of the polygon approaches 
2rsin® the length of the circular arc as 
a limit when n approaches in- 
/ 219 finity. The idea that a circu- 
lar arc has a definite length de- 
j> pends upon this principle. 
je Consider Fig. 18. The are 
Fig. 18. ab is equal to 2r¢, ¢ being 
expressed in radians, and the 
chord ab is equal to 2r sin ¢. Therefore: 
chordab  2rsin¢@ _ sing 


are ab 2ro o 


But chord 


approaches unity as its limit when @ approaches 


zero; and therefore oe must also approach unity as its limit 


when ¢ approaches zero. 
41. Differentiation of sin x.—Let 


y = sin x 1 
Then (1) 


dy = cos x-dx (2) 
Proof.—Writing y + Ay for y and writing «+ Az for x, we 


* Or any continuous curve. 
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have: 
y + Ay = sin(z + Az) (3) 


Whence, subtracting equation (1) from equation (3) member by 


member and solving for xe, we have 


Ay _ sin(z + Ar) — sing 


Ax Ax 4) 

Using the trigonometric formula: 
sina — sinb = 2sin 3(a — b) cos 3(a + bD) (5) 

equation (3) may be reduced to: 
aw = ead -cos(a + $Az) (6) 
but as Az approaches zero cos(x + 4Azx) approaches cosxz as 
its limit, and ae approaches unity as its limit. Therefore, 


from equation (6) we have: 


dae cosx or dy = cosx-dz 


dx 
42. Differentiation of cos x.—Let 
y = cosx (1) 
Then 
dy = — sin x-dx (2) 
Proof.—Proceeding as in the previous article we get 
Ay _ cos(x + Ax) — cos x (3) 
Ar Ax 
and using the trigonometric formula: 
cosa — cosh = — 2sin3(a — b)sin (a + b) (4) 
we obtain az 
eth pr ein gv in(c + 4Az) (5) 


Az Ax 
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and from this we obtain 
dy 

dx 

For problems see group 8 in the Appendix. 


=-—sinzg or dy = —sinz-dz 


EXAMPLES SHOWING USE OF FORMULAS FOR 
DIFFERENTIATION. 


43. Differentiation of tan x.—In order to differentiate tan x 


the familiar formula tan x = a may be used as follows: 


sin x 
y = tanz = ae (1) 
Proceeding according to Art. 33, let w=singz so that du = 
cosz:dz, and let v=cosx so that dv = —singa-dz. Then 
using equation (2) of Art. 33, we have: 


_ costa-de + sin*z-dx “dz 
cos” x cos? & 


dy 


(2) 


Any trigonometric function can be differentiated by expressing the 
function in terms of sine and cosine and using the formulas of Arts. 
Al and 42. 


As a further example, consider 
i = Isin wt (3) 
in which J and w are constants and ¢ is elasped time reckoned 
from any chosen instant, and let it be required to find the rate of 
change of 7, namely, e. Now wt isa function of ¢ and sin wt 


is a function of wt. Therefore we may use the formula for the 
differentiation of a function of a function, as explained in Art. 34. 
Let 

z= ot (4) 


dz = w-dt (5) 


then 
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Writing z for wt in equation (3) we have: 


1=TIsinz (6) 
which, by differentiation gives: 
di = I cosz-dz (7) 
Whence, substituting wt for z and w:-dt for dz we have 
di = wl cos wt -dt (8) 
or 
a = wl cos wt (9) 


For problems see group 4 in the Appendix. 


44. Differentiation of sin x.—The inverse trigonometric func- 
tions can all be differentiated with the help of the formulas al- 
ready established. For example let 

y = sin“ x (1) 
this means that 
siny = 2 (2) 
which, by differentiation, gives: 


cos y:dy = dx (3) 
but cosy = v1 — sin’y = V1 — 2’, according to equation (2). 


Therefore, substituting this value for cosy in equation (3) and 
solving for dy, we have 


dx 
eS ee o 


For problems see growp 5 in the Appendix. 


45. Differentiation of u’—Let wu and v be any two functions 
of 2, and let 
yaw (1) 
To differentiate this expression take logarithms of both members 


and we have 
log y = v log u (2) 
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This is a product of two functions » and logw and their 
respective differentials are dv and a Therefore, using the 
method of Art. 32, we may differentiate equation (2), and we have: 


dy _ v-du 
eae + log u-dv (3) 


whence, substituting u* for y and solving for dy we have 
dy = vu’!-du + log u-u’-dv (4) 


When wu and v are known as functions of x, then dw and dv 
are known in terms of x and dz, and the known values of uw, », 
du and dv may be substituted in equation (4) thus giving dy in 
terms of x and dz. 

For problems see group 6 in the Appendix. 


SUCCESSIVE DIFFERENTIATION AND INTEGRATION. 


46. Successive derivatives of a function.—Consider a function 
of x. For example: 


y = ax' a 
then (@) 
dy _ 
aaa 4aas (1) 


But this derivative is itself a function of x and its derivative is 

12az*; this is also a function of x and its derivative is 24a; 

and so on. These successive derivatives of the original function 
dy @y dy 


y are usually represented by the symbols dx’ de? da and so on; 
so that we may write 
dy 
dx? = 12az? (2) 
dy 
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Equations (1), (2), (3), etc., express what are called the first 
derivative, the second derivative, the third derivative, etc., of y. 

The exact meaning of the successive derivatives of y may be 
most easily expressed in words when x represents elapsed time. 
Then dy is the rate of change of eh 

oe geof y, 75 1s the rate of change of 
dy dy Py 
dz’ dz da? 
example, namely y = az‘, the fourth derivative is a constant 
(= 24a), and the fifth and all higher derivatives are equal to zero. 


47. Velocity and acceleration. Use of first and second deriva- 
tives.—In the formulation of problems in mechanics one must 
frequently express the velocity and acceleration of a moving body 
in terms of its codrdinates. Thus zx and y are the varying 
coordinates of a moving particle B in Fig. 19; x and y have 
definite values at each instant as the body moves, and they are 
therefore functions of elapsed time; hence we have the following 
important relations: 


is the rate of change of —*, andsoon. In the particular 


— is the x-component of the velocity of B. 
— is the y-component of the velocity of B. 


“* is the x-component of the acceleration of B. 
ay 
dt? 

These relations are evident from the following considerations: 

Let Az and Ay be the increments of x and y, respectively, during 


is the y-component of the acceleration of B. 


a short interval of time. Then a is the average velocity of the 


body in the direction of the z-axis during the interval At, and 


a is the limiting value of a when At and Az approach zero. 


Ay is the average velocity of the body in the direction 


Similarly At 
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dy 
dt 
approach zero. Furthermore the z-component of the acceleration 


re A 
of the y-axis, and is the limiting value of a when At and Ay 


Fig. 19. 


of B_ is equal to the rate of change of the x-component of the 
velocity of B, that is, the z-component of the acceleration of B 
| eae which is = 
dt at?” 

Example.—A ball travels at uniform angular velocity (w radians 
per second) around a circle of radius A as shown in Fig. 20. 
In this case the codrdinates x and y are simple functions of the 
elapsed time ¢; indeed from Fig. 20 we have: 


is the rate of change of 


x= A coswt (1) 
y =A sin ot (2) 


Differentiating these expressions with respect to ¢ we have: 


dx 


i ae wA sin wt (8) 
and 
dy 
ane wA cos wt (4) 


These equations express the x and y components of the velocity 
of the ball B at each instant. Differentiating (8) and (4) with 
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respect to ¢ we have: 
x 


ioe wA cos wt (5) 
af ah coed Tea (6) 


These equations express the xz and y components of the acceler- 
ation of the ball B at each instant. 


PROBLEMS 
ax cos 0 
ilk 2s = 2 
x = tan 6+ sec 0, prove that de wt ane 
Gy 2 

2s = 2 = 

If y = 2? log x, prove that a Kner 
3. If y = e* log x, prove that 54 eae ; 
‘ a fe 


4. If y = e*cos2, prove that cy + 4y = 0. 


2. 
5. If 2 = A sin nt + B cos nt, prove that oa + nz = 0. 


6. For what values of a will y = e satisfy the equation 
dy dy dy _ 0? 


Ans. 0, — 1, + 2. 

7. A ball moves so that its x and y codrdinates are At cos 0 
and At sin 0, respectively, as shown in Fig. p7, where A and 6 
are constants and ¢ is elapsed time. Find (a) the x-component 
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and (b) the y-component of the velocity of the ball, and (c) the 
z-component and (d) the y-component of its acceleration. 

Ans. (a) A cos 0, (b) Asin 6, (c) 0, (d) 0 

8. A ball moves so that its x and y codrdinates are At cos 0 
and Bé sin 6, respectively, where A, B and 6 are constants 
and ¢ is elapsed time. Find (a) the z-component and (6) the 
y-component of the velocity of the ball, and (c) the z-component 
and (d) the y-component of its acceleration. 

Ans. (a) Acos 0, (b) 2Btsin 6, (c) 0, (d) 2B sin 6. 


2. 2 2. 2 
9. The resultant acceleration of a body is (; :) a G ) 


dé dé 
ay 
2 
as shown in Fig. p9, where ¢ is the angle whose tangent is Px . 
de 


Show from equations (1) to (6) of Art. 47 that the resultant 
acceleration (or total acceleration) of the ball B in Fig. 20 is 


2 
equal to aC and show that it is parallel to the radius A at each 


2 2 
instant, v being the resultant velocity ‘i (Fi ) + (2) : 


10. If the distance traveled by a body is s = ae™ + be, 
show that the acceleration is a’s. If ¢ is expressed in seconds 
and s in feet, (a) in what units is @ expressed, and (6) in what 
units is as expressed? 

Ans. (qa) reciprocal seconds, (6b) feet per second per second. 


48. Harmonic motion. Example showing the use of a second 
derivative-—A body m is suspended by a spring and the body 
stands in equilibrium in the position shown in Fig. 21. If the 
body is displaced x feet downwards (or upwards) an unbalanced 
force F will act upon the body, and this unbalanced force will 
be proportional to x. Therefore we may write 


F = — kz (1) 
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The negative sign is chosen because F is upwards when 2 is 
downwards, and F is downwards when z is upwards. 

If the body is pulled upwards or downwards and 
released, it will vibrate up and down, and z will 
vary with the time ¢. Then e is the velocity 
Px 


de (the rate of 


of the body at each instant, and 


change of = ) is the acceleration of the body at 


each instant. But the unbalanced force which 
acts upon a body is equal* to mass X acceleration. 


2. 


Therefore F = m- ue or, substituting the value 


dt?’ 
of F from equation (1), we have: 
x k 
eee @) 


To determine the motion of the body in Fig. 21 
it is necessary to find x asa function of ¢ which 
will satisfy the law of growth as expressed by equa- 
tion (2), and the problem is solved if we find a 


function of t whose second derivative is equal to — 2 multiplied 


by the function itself. This function would be at once recognized 
if one were familiar with the derivatives of all kinds of functions. 
Thus we have another example showing how important it is to 
be familiar with the derivatives of functions. Compare Arts. 
22 and 23. 
Consider the function 

x =asin (wt + 6) (3) 

where a, w and @ are undetermined constants. Differentiating 


* When mass is expressed in pounds, acceleration in feet per second per 
second, and force in poundals; or when C.G.S. units are used throughout. 

+ Let 2 = wt + 6 and use the formula for the differentiation of a function 
of a function as explained in Art. 34, 
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equation (8) with respect to ¢ we have: 


dx 


a= Ot 008 (wt + 6) (4) 


and differentiating again, we have: 


2. 
pe = — wasin (wt + 6) (5) 


or, substituting a for asin (wt + 6), we have: 


ora ot (6) 
Therefore, if 
ae (7) 


equation (3) gives the required function, and a and @ can have 
any values whatever. 

If the vibrations are started by drawing the body down to 
x = A, and if time is reckoned from the instant of release, then 
x =A when t=0, and also a = 0 when ¢ = 0 because the 
body has no velocity at the instant of release. Using the values 


= 0 and t= 0 in equation (4), we find 6=0. Therefore 


equation (3) becomes: 
«= asin at (8) 


Using the values «= A and #=0 in equation (8), we find 
a= A. Therefore, for the case in which the body is pulled down to 
x = A and released when t = 0, equation (8) becomes: 


x = A sin ot (9) 


The motion which is defined by equation (9), or in general by 
equation (8), is called simple harmonic motion. The distance zx 
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of the vibrating body from its equilibrium position is at each 
instant proportional to the sine of a 
uniformly growing angle wt; or, the 
position P of the vibrating body is 
at each instant the projection on the 
straight line ab of a point P’ which 
moves round the circle CC at con- 
stant angular velocity w, the radius 
of the circle being A, as shown in 
Fig. 22. 

One complete vibration of the body in 
Fig. 21 takes place while the point P’ in 
Fig. 22 makes one complete revolution, 
that is, while the angle wt increases from zero to 27 radians,or while 


: : 2r ‘ 
the time ¢ increases from zero to — seconds, w being expressed 
a) 
A : 2a k : 
in radians per second. Therefore —, or 27 + es [see equation 
(2) 


(7)], is the period of one complete vibration. That is 27 + a 


is the number of seconds per vibration, or ae + 2x is the number 


of vibrations per second, or frequency, of the vibrating body. 
In this discussion the mass of the spring and the effects of friction 
are ignored. 


49. Curvature.—Consider the curve cc in Fig. 23. The 
tangent line a touches the curve at p and the tangent line b 
touches the curve at q. Therefore the tangent line turns through 
the angle 8 when the point of tangency moves from p to 4g. 
The sharper the bend or curvature of the line cc the greater the 
value of 8 for a given length of are pg. Dividing the angle 
B (expressed in radians) by the length of the arc pq we have a 
quotient which is used as a measure of the average curvature of cc 
between p and gq, and the limiting value of this quotient when 
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the arc pq approaches zero is the measure of the curvature of cc 
at the point p.* 
It is required to find an expression for the limiting value of the 


angle 6 


quotient in Figs. 23 and 24 when the are pq approaches 


zero. Let the coordinates of p be x and y, and let the codrdi- 


Fig. 28. Fig. 24. 


nates of g be «+ Ax and y+ Ay as shown in Fig. 24. Then: 
chord pg = V(Ax)? + (Ay)? (1) 


and when the are pq approaches zero the are becomes more and 
more nearly equal to the chord so that the limiting form of equation 
(1) is: 


are pg = v(dzx)? + (dy)? (2) 
Furthermore we have: 


dy 
tana = oh (3) 


according to Art. 18, where a is the angle shown in Fig. 23; and 
of course tana’ (see Fig. 23) is the value of oy at the point q. 
us 
dy Cue. 
But ae changes ax? times as fast as x, and therefore the change 


*Or at g, because p and gq approach coincidence as the arc approaches 
zero. 
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in the value of dy from p to q is oe -dx, when Az is infinitely 


dx 
small. Therefore the value of oy at q is wy 4 oe - dx, and 
consequently we have: 
tana’ = e eas ey - dx (4) 
dx? 


Now the angle 6 in Fig. 23 is equal to a’ — a, and, since a’ —a 
is an infinitesimal angle, we may write: 


tan (a’ — a) =a’ —a 


Therefore we have: 
B =a! — a = tan (a’ — a) (5) 
But 


tan a’ — tana (6) 


la = . 
Pa) 1+ tana’ tana 


Therefore, substituting the values of tana and tane’ from 
equations (3) and (4), and writing 6 for tan (a@’ — a) according 
to equation (5), we have: 
ay - dx 
dx? 
dy [dy (7) 
SA a a u(e ed et as) 


; a? 

But the infinitesimal term in the denominator ( ae dr may be 
d 

discarded because it is added to a finite quantity ( te ). Therefore 


equation (7) becomes: 


at (8) 
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Therefore, using the value of arc pg from equation (2) we have 


dy 
B dx? dx 
= eS ee (9) 
arepq 5 3) + (dx)? + (dy) 
aR fn 
dx 
This is the required limiting value of —f er because equations (2) 


and (5) are limiting forms and because an infinitesimal has been 
discarded in going from equation (7) to equation (8). Dividing 


numerator and denominator of poe ee by dz this factor 


V(dx)? + (dy)? 


becomes poe and equation (9) becomes: 


Curvature at p = (10) 


dy \?|3 

1+ (z)' 
Curvature of a circle-——The idea of curvature is necessarily 
vague until we understand clearly the unit in terms of which 
curvature isexpressed. Therefore 
let us apply the above definition 
of curvature to a circle. The 
line a, Fig. 25, is tangent to the 
circle at p and b is tangent to the 
circle at g, andthe measure of the 


curvature of the circle is ee 
are pq 
But the angle 8, between the 
tangent lines is equal to the 
angle between the radii Cp and 
Cq. ‘Therefore the angle 8, in radians, is equal to are pg divided 
by the radius r of the circle, and consequently the quotient 
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angle B 
arc pq 
ured by the reciprocal of its radius, or the reciprocal of the curva- 
ture of a circle is equal to the radius of the circle. Therefore the 
reciprocal of the curvature of any curve at a point ts called the radius 
of curvature of the curve at the point. In accordance with this 
statement equation (10) may be written: 


; 1 : : ‘ 
is equal to me That is, the curvature of a circle is meas- 


1 dy 212 
eee of curvature of at ss | ae (44) 


curve at a point ay “ 
di? 
the codrdinates of the point p being substituted in the general 
: dy d*y 
expressions for me and da? 


Remark.—At a point where a curve is horizontal (parallel .to 


the z-axis) the first derivative a is equal to zero, and at such a 


: ; 1 
point the expression for radius of curvature reduces to Py Where 
da? 


: TA dy . 
a curve is very nearly horizontal the first derivative oe is small 


: : : Cy \te : 
as compared with unity, the expression i+ ( oY) is sensibly 


equal to unity, and the radius of curvature is sensibly equal to 
1 
Py’ 
dx? 
Example.—Consider the parabola whose equation is y = 2”. 
2. 
Then ae 2x and ou = 2. To find the radius of curvature at 


dx 
; d 
the origin of codrdinates, substitute the values a = or = O-and 


6 


66 CALCULUS. 


aye = 2 in equation (11) which gives R= 2. To find the radius 


of curvature at the point « = 1 and y = 1, substitute the values 
ow an = 2 and $4 = 2 in equation (10) which gives R = 5.6.* 

Further discussion of curvature. The osculating circle—A 
straight line may coincide with a curve at a point and have the same 
direction as the curve at.the point. Such a straight line is called 
a tangent line. 

A circle may coincide with any curve at a point, have the same 
direction as the curve at the point, and have the same curvature as 
the curve at the point. To coincide with the curve at a point 
means that the ordinate y of the circle is equal to the ordinate y 
of the curve for a certain abscissa x. To have the same direction 


as the curve at the point means that = for the circleis equal to 
for the curve for the same value of zx. To have the same curva- 


zy 
ture as the curve at the point means that oe for the circle is 


equal to a for the curve (if the condition of tangency is satisfied) 


for the same value of zx. The circle which satisfies these three 


* Whenever an equation between x and y is to be plotted as a curve 
and whenever definite values are to be determined for the derivatives of y 
with respect to x, the question arises as to what units are to be used in the 
expression of y and its various derivatives. Quantities such as 2 inches, 
5 pounds and 6 hours, are called denominate quantities. The ratio of two 
denominate quantities of the same kind is called a pure number. Both mem- 
bers of an equation and every separate term in each member must have the 
same denomination. Consider the equation y = az?. In order to plot this 
equation as a curve, « and y must both be expressed in inches, let us say. 
Therefore the coefficient a is a denominate quantity which gives inches when 
it is multiplied by inches squared. That is, the reciprocal of @ is expressed in 
inches. When an equation such as y = 42° is to be plotted as a curve, x 
and y must both be expressed in inches, and the coefficient 4 must be thought 
of as a denominate number, the denomination, or unit, being such as will give 
y in inches when 2 is expressed in inches. 
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conditions at a point on a curve is called the osculating circle at 
the point, and the radius of the osculating circle is called the 
radius of curvature of the curve at the point. 


Determination of the osculating circle—One can easily find 


dy ay 
the values of . and de 
(see Fig. 26) by differentiating the equation of the curve. 


Consider any circle whatever as shown in Fig. 27. The equation 


at a given point p ona given curve cc 


—_———— 


Fig. 26. 


of this circle is 
6 (be (12) 


where a and 0b are the coordinates of the center of the circle 
and r is the radius of the circle. Differentiating equation (12), 


we have 
2(x —a)-dx+2(y —b)-dy=0 


re (e— a) + (y — bu =0 (13) 


where w_ is written for a Differentiating equation (13), re- 


membering that y and w are both functions of x, we have: 


dx + (y—b):dutu-dy=0 
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|= 
aK 


Dividing through by dz and remembering that u - u*, we 


have: 


1+y-b)-St+u=0 


But o is the second derivative oy Therefore, representing 


dy 


eS by v, we have: 


: 


1+(y-—bdv+wv=0 
or 


10 = 


2, 

i ee (14) 
v 

and, substituting this value of (y — b) in equation (13), we have: 


_a+ev)u 
ai v 


xr—-a (15) 
Substituting the values of (« — a) and (y — b) from equations 
(15) and (14) in equation (12), we get: 


eo ee 


v 


(16) 


Now uw and v and « and y are all known at a given point ¢ 
of the curve cc of Fig. 26, and these four quantities wu, v, x and y 
have the same values for the osculating circle where it touches the 
curve cc atthe point p. Therefore a and 6b can be found 
from equations (14) and (15), and r can be determined from 
equation (16) so that the osculating circle at the point p is com- 
pletely determined. 


PROBLEMS. 


1. Find the radius of curvature at the point p of the parabola 
shown in Fig. pl. 
Ans. 40.5 inches. 
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2. Find the radius of curvature of the ellipse shown in Fig. p2, 
(a) at the point p, and (b) at the point p’. 


Fig. pl. 
Ans. (a) 2.67 inches, (b) 18 inches. 


dy Fen ; : 
Note.—The value of - is infinite where a curve is parallel to the y-axis 


dy . ae : 
and generally the value of = is also infinite at such a point. Therefore the 


expression for radius of curvature at such a point of a curve usually becomes 
indeterminate. It is evident, however, that 2 and y may be interchanged 
throughout the entire discussion of Art 49. This interchange gives an ex- 


2. 
pression for radius of curvature in terms of a and Fa where z is thought 


of as a function of y; and this expression can be used to determine the radius 
of curvature at a point on the curve where the curve is parallel to the y-axis, 


\P\ af 
Nf ae 
Sj 12 feet _, 2 feet_ ie 6 inches 
a cone oe ie \ 
4 elup i bes 
ais eae ee 
Fig. p3. Fig. p5. 


3. A stone arch is to be made as shown in Fig. p3, the two 
dotted circles having the same curvature as the ellipse at the 
junction points pp. Find the radius of the circles. 

Ans. 14.07 feet. 
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4. Find the radius of curvature of the curve y = sinw at the 
points (a) « =0 and (b) r= Zi 
Ans. (a) infinity, (b) 2.6. 

5. Find the radius of curvature at the point p of the sine 
curve shown in Fig. pd. 

Ans. 5.47 inches. 

6. A. straight portion of 
Xo railway track merges gradually 
into a circular curve as indi- 
cated by the dotted line in 
Fig. p6. The dotted portion 
is called a transition curve. 
The curvature of the track 


eats of curve 


x 
\<-1560 feet 
a 


—. : d’y 
(which is sensibly equal to —, 


ee see dx? 
100 feet q 
Fig. p6. because = is very nearly 
A : 1 
zero) increases uniformly from zero at x = 0 to 1500 at x = 100. 
Find the equation of the dotted transition curve. 
Ans. 900,000 y = 2%. 
Note.—lf the curvature da? increases uniformly its rate of change, de® 


is a constant. 


50. Geometric differentiation. The acceleration of a particle 
which travels in a circular orbit—There are cases in which the 
instantaneous rate of change of a given quantity may be found 
when the quantity is specified in geometric terms. An important 
example is the following: A particle travels round and round a 
circular path or orbit at velocity v, and it is required to find the 
acceleration e of the particle. 


At a certain instant the particle is at P, Fig. 28, and its velocity 
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at this instant is represented in direction and magnitude by the 
line v;. During a short interval of time the particle will travel 


the distance v.dé, the particle will then be at Q, and its velocity 
will be as represented by the line vg which has the same length as 1. 

From any fixed pomt O’ draw two lines parallel and equal to 
v; and ve respectively, as shown in Fig. 29. Then the line 
dv represents the velocity which must be added* to v1 to give v, 
that is the line dv represents the increment of the velocity of the 
particle during the interval dt. 

Now when dé is chosen smaller and smaller, the angle ¢ ap- 
proaches zero, and the angles at P’ and Q’ approach 90° so that 
dv becomes more and more nearly parallel to the radius OP. 
Also when dt is very small the are PQ (= 0-dt) is sensibly a 
straight line and the two triangles OPQ and O’P’Q’ are similar. 
Therefore from these similar triangles we have: 


fo V.0b i 8. . av (1) 


In this proportion v is written instead of v; or v2, both of which 


*We are here concerned with what is called vector addition or geometric 
addition. The most familiar example of this kind of addition is the addition 
of two forces by the principle of the “parallelogram of forces.” 
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have the same numerical value. Solving this proportion we have: 


aw : 
Pram (2) 
We have already proceeded to the limit in considering the arc 
PQ astraight line. That is, the acceleration of a particle moving 
in a circular orbit is equal to the square of the velocity of the 
particle divided by the radius of the orbit, and the acceleration is 
at each instant towards the center of the circle because the infin- 


itesimal increment of velocity dv in Fig. 29 is in the direction of 
PO in Fig. 28. 


51. Geometric differentiation. The inward force per unit 
length of a barrel hoop.—Another important case of geometric 
differentiation is the following: Figure 380 represents a hoop 


around a tank. It is required to find the value of a where dF 


is the force with which a short length ds of the hoop pushes inwards 
on the tank. 

The radius r of the tank and the tension T of the hoop are 
given. The tension of the hoop is the force with which a portion 
of the hoop pulls on an adjoining portion. Thus the two forces 
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T;, and 12, Fig. 30, which pull on the portion ds of the hoop 
in Fig. 30, are each equal to the tension 7’, and the resultant 
of the two forces T; and T, is the total inward force dF exerted 
on the portion; and this total inward force acting on ds is the 
force with which ds pushes against the tank. 

The resultant of 7; and TJ. is shown in Fig. 31, and the triangle 
a’O0’'b’ in Fig. 31 is similar to the triangle aOb in Fig. 30. There- 
fore we have 

Pose Sar 
so that 


(1) 


We have already proceeded to the limit in considering GOb to 
be a triangle, that is, in considering ds to be a straight line, 
which is only true when ds is infinitely small. 

The practical meaning of equation (1) can be best understood 
by thinking of ssh as the really important quantity under con- 
sideration, not by thinking of the meaning of F.* 


* Indeed one gets into unfamiliar vector theory when one tries to consider 
the meaning of F, 


CHAPTER III. 
INTEGRATION. 


52. Integration as an arithmetical argument.—Any argument 
which leads to a proposition concerning total change when a rate 
of change is given may properly be called integration. Thus the 
following arguments are the simplest existing examples of inte- 
gration: 

(a) A man earns money at the constant rate of two dollars per 
day. Therefore the man earns two dollars each day, and in 
100 days he would earn 200 dollars. Or, to get the amount of 
money earned in 100 days multiply two dollars per day by 100 
days.* 

(b) One man A earns money twice as fast as another man B. 
Therefore in any interval of time whatever A _ earns twice as 
much as B. 


53. Integration as a mechanical process. Integrating machines. 
—The simplest and most familiar integrating machine is the 
ordinary cyclometer. The wheel of a bicycle turns at a speed which 
is proportional to the velocity of travel of the bicycle. Therefore 
the number of revolutions of the wheel is proportional to the 
distance traveled, and the cyclometer is a revolution counter 
arranged to read one additional unit for each mile traveled. 

The ordinary “electricity meter’”+ which is installed in con- 
nection with electric lamps is an integrating machine. The 

* Tf one can get 200 dollars by multiplying two dollars per day by 100 days, 
one might well ask how to perform such a profitable operation? The answer 
is: Work hard for 100 days! That is what this particular multiplication 
means. Nearly every mathematical process rightly understood relates to 


physical reality in a manner as definite and as exacting as this particular case 
of multiplication. 


+ Properly called a watt-hour meter. 
74 
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spindle of the meter turns at a speed which is proportional to the 
rate of delivery of energy (in watts) to a customer. Therefore the 
number of revolutions of the spindle is proportional to the total 
amount of energy delivered. The clock-work of the watt-hour 
meter is a revolution counter which is arranged to read one addi- 
tional unit for each watt-hour of energy delivered. 


54. The planimeter.*—The planimeter is an integrating machine 
for measuring area, and it depends upon the following kinematical 
principle: 

Consider a line AB, Fig. 32, moving in any manner whatever 
in the plane of the paper. The motion of the line at each instant 
may be thought of as a motion of translation combined with a motion 
of rotation about an arbitrary point p.t 

Let v be the component at right angles to AB of the velocity 
of translation, as shown in Fig. 32, and let w be the angular 
velocity of AB about the point p. It is desired to find the rate 
at which the line AB sweeps over area, area swept over by the 
line being considered as positive when the line sweeps over it from 
right to left to an observer looking from A towards B. 

During a short interval of time, At, the motion of translation 
carries the line from AB to A’B’ as shown in Fig. 34, and the 

* The planimeter which is here described is the Amsler planimeter. 

The student wishing to become familiar with various kinds of integrating 
machines should consult Les Integraphes Abdank-Abakanowicz, Paris, Gauth- 
ier-Villars. 

A discussion of integrating machines is also given in Wncyclopddie der Mathe- 
matischen Wissenschaften, Vol. Il. This great work is now appearing in a re- 
vised form in a French translation. 

See also Report on Planimeters, British Association Annual Report, 1894, 
pages 496-523. 

See also Mechanical integrators, Shaw, Proceedings of the Institution of Civil 
Engineers, London, 1885, pages 75-143. 

The earliest type of integrating machine for use in harmonic analysis is 
that of Lord Kelvin. This machine is described in Franklin’s Electric Waves, 
pages 240-242, The Macmillan Co., New York, 1909. 

{See Franklin and MacNutt’s Mechanics and Heat, Arts. 74-77, pages 
174 and 175, The Macmillan Co., N. Y., 1910. 
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area swept over by the line is 1 X v-At. Dividing this area by 
At gives the rate at which the line sweeps over area because of its 
motion of translation. 


actual 
velocity 


Fig. 32. 


During a short interval of time, At, the motion of rotation 
carries the line from AB to A’”B”, as shown in Fig. 35, and the 


PA Sao 
/ i B” 


positive area 


angle w,At 


Fig. 34. Fig. 35. 


area swept over consists of two parts as shown. The positive 


A cone : 1 2 
area in Fig. 35 is equal to AG of D) xX w:At, the negative area 


one : 1/l 2 
in Fig. 35 is equal to a(; — D) X w:At, and the total area swept 


over is equal to [Dw:At. Dividing this area by At gives the rate 
at which the line sweeps over area because of its motion of rotation. 
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Therefore the total rate at which the line sweeps over area 


Gas 
(3) is equal to lv + lDw, or, using 2 for w, we have 


dA a 

ae lw + ID | a (1) 
Let AB be a metal bar carrying a wheel mounted as shown in 

Fig. 36 (which is a side view), and let the rim of this wheel roll on 

the paper as the bar AB moves, as shown in Figs. 36 and 37. 


middle of bar 
wot 


A KD B 
——— 1) — — 
side view 
Fig. 36. 


Let y be the total angle turned by the wheel in a given time; then 
dy . ‘ : po 
- is the angular velocity of the rolling wheel, and it is equal to -, 


where r is the radius of the wheel, as shown in Fig. 37. There- 


fore we may substitute r ay for v in equation (1) and we have: 


dt 
dA n 
pe + De (2) 
in which lr is the rate of sweeping over area because of the 


translatory motion of AB, and iD ot is the rate of sweeping over 


area because of the rotatory motion of AB. 

Now if the rate of sweeping area due to the translatory motion 
of AB is Ir times the rate of turning of the wheel, then the 
total area swept over because of the translatory motion of AB is 
lr times the total angle y turned by the wheel. 

Similarly, if the rate of sweeping area due to the rotatory motion 


78 CALCULUS. 


of AB is ID times the rate of turning of AB, then the total 
area swept over because of the turning of AB is ID times the 
total angle 6 turned by AB. 

Therefore the total area swept over by AB is Iry + lD0.* 
That is, 


A = Ir) + De (3) 


If the bar AB comes back to its initial position without turning 
completely round, then #@ = 0 and equation (3) becomes 


A =Iry (4) 


That is, the total area swept over by AB is proportional to the 
angle y turned by the rolling wheel, and the value of Ir may 
be so chosen that one square inch 
corresponds to each revolution of 
the wheel. In this case square 
inches of area are indicated by 
whole revolutions of the wheel, 
and the circumference of the wheel 
may be divided so as to indicate 
fractions of a square inch. 

In the actual planimeter one end 
of the bar AB is constrained to 
move back and forth along a circle 
CC, Fig. 38, while the other end 
A travels once round the closed 

Fig. 38. curve cc which bounds the area to be 

measured. Then any area outside of 

cc which is swept over by AB at all is swept over as many times 
to the left as to the right, but every portion of the shaded area is 
swept over once more to the left than to the right. Therefore, 


* How much more easily understood is this argument than to say integrating 
equation (2) we have equation (3)! and yet this brief statement means exactly 
what is given in the above argument. 

} Along a straight line in some forms of planimeter. 
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in view of the agreement as to algebraic signs, the total area 
A (= Irl) swept over by the line AB is equal to the shaded area. 


55. Integration by steps.—In the laying out of a new electric 
railway the engineer usually makes a study of the probable 
schedule speed of the car in order to be able to estimate the traffic 
income and to be able to choose suitable driving motors. In the 


9 
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Fig. 39. 


study of a particular run of a car, the curve A, Fig. 39, is deter- 
mined from the known characteristics of a motor* (tentatively 
chosen), the weight of the car, and the curvature and grade of 
the track. The curve A gives the speed of the car as a function 
of elapsed time and it is called a speed-time curve. In the particular 
case represented in Fig. 39 the car is being accelerated from 0 to 
45 seconds; at 45 seconds the power is turned off and the car is 
allowed to coast; and at 78 seconds the brakes are applied and the 
car is rapidly brought to rest. The ordinate of curve A _ is the 


velocity v of the car, the product v-dé is the distance traveled 
t=t 

during the infinitesimal interval dt, and v-dt is the total 
t=0 

distance traveled by the car from the start up to any given instant 


* These characteristics are furnished by the manufacturing company. 
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it. This distance is shown as a function of ¢ in the accompanying 


SPEED AND DISTANCE TABLE OF AN ELECTRIC STREET CAR 
(See Fig. 39). 


Time in Speed: Miles Distance 
Seconds. er Hour. in Feet. 
0 0 0 

10 15.2 111 
20 22.0 384 
30 23.6 719 
40 24.2 1,071 
45 24.3 1,246 
60 21.6 1,751 
78 19.4 2,292 
91 0 2,476 


table and also it is shown by the ordinate of the curve BB in 
Fig. 39. The tabulated values of the distance traveled by the 
car are calculated approximately as follows: From 0 to 10 seconds 
0-162 
2 
hour, and the distance traveled during this 10-second interval is 
found by multiplying the average speed (reduced to feet per 
second) by 10 seconds which gives 111 feet. From 10 seconds 
to 20 seconds the average speed of the car is approximately 


15.2 4 a miles per hour, and the distance traveled during 


the average speed of the car is approximately miles per 


this 10-second interval is found by multiplying the average speed 
(reduced to feet per second) by 10 seconds, which gives 273 feet, 
so that the total distance traveled during 20 seconds is 111 feet + 
273 feet, which is 384 feet; and so on. — 


PROBLEMS. 


'1. The accompanying figure, pl, shows the stretching force 
per square inch of section and the fractional elongation of a 
sample of steel under test. The sample is one inch in diameter 
and the portion which is stretched is 4 inches long initially. Find 
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the work in foot-pounds expended on the specimen up to the 
Ans. 53.1 foot-pounds. 


breaking point 6. 


Let elongation in inches be e and 


Note.—Multiplying abscissas in Fig. p1 by 4 inches gives actual elongations 


in inches, and multiplying ordinates by square inches of section of sample 


gives actual stretching forces in pounds. 
let stretching force be ¥. Then work done is the integral of F-de. 


2. Find the work (in ergs and in foot-pounds) required to 
magnetize a wrought iron bar 3 inches by 3 inches by 20 inches 


—T 4  S 
qour ezenbs sod optmod go Spasnoy} OF 660238 


AS 


stretch, hundredths for curve A, ten-tho 


Fig. pl. 


from a neutral condition to B = 16,000 lines per square centi- 


meter. 


326 X 10° ergs or 2.406 foot-pounds. 


Ans. 


Note.—The work done in magnetizing iron is: 
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where W is expressed in ergs and V is the volume of the iron in cubic centi- 
meters. There are 30.5 X 453.6 X 980 ergs in one foot-pound. 


TABLE OF B AND H FOR WROUGHT IRON. 


H B 
10 12,400 
20 14,330 
30 15,100 
40 15,550 
50 15,950 
60 16,280 
70 16,500 


3. The force F which acts on a body is given as a function of 
the time in the accompanying table. Force being expressed in 
poundals and time in seconds. The mass of the body is 1,000 
pounds. Find the velocity produced from t#=0 to t= 40 
seconds. 

Ans. 27.1 feet per second. 


Note.—The acceleration - = Z or dv = Fat or the velocity v is equal 


to 4 times the integral of F'-dt; velocity being expressed in feet per second. 


TABLE OF F AND t. 


¢ in Seconds, F in Poundals. 
0 500 
10 625 
20 700 
30 745 
40 785 


56. Algebraic integration.—Integration, in the sense in which 
this word is used throughout this text, is the recognition of a 
given differential expression as the differential of a known function, 
and the rules for differentiation which are given in Chapter II 
are rules for integration also. Thus the differential of log « + C 


Saat ae : 
is and therefore, by definition, the integral of aad is logx+C, 
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where C is any constant. The rules given in Chapter II cover 
differentiation completely, or nearly so, but they do not cover 
integration completely. Indeed complete rules cannot be given 
for integration.* 

In the recognition of a given differential expression as the 
differential of a known function, two things are helpful, namely, 
(a) A table of standard forms or functions with their differentials 
(such a table is usually called a table of integrals), and (b) some 
degree of familiarity with the transformations which may be 
used to reduce a given differential expression to a standard form 
or to a combination of standard forms. 

A table of integrals is given in Appendix B. 


57. Transformation of differential expressions.—When a differ- 
ential equation has been found by differentiating a given function, 
the integral of the differential equation is of course known. Many 
of the forms in the table of integrals have been established in 
this way as problems in differentiation in Chapter II. When a 
given differential equation has not been found by differentiating 
a known function it is in many casesf possible to invent a scheme 
for transforming the given differential expression so as to reduce 
it to one or more of the standard forms in the table of integrals. 
The most important of these transformations are embodied in 
the following rules, and a few of the lesser important transforma- 
tions are illustrated by problems. 

As a very simple example consider the differential equation 


* Integration by series is a universal and systematic method of integration. 
Any given algebraic expression for ou can be expanded by Maclaurin’s 
theorem, each term of the series so obtained can be integrated according to 
form 1 in the table of integrals, and the resulting series, when it is convergent 

d ; : d 
is the integral of the given expression for fe 

+ Not in every case, by any means; many integrals cannot be expressed in 
terms of the elementary functions which are used in the table of integrals. 

t Transformations depending upon the use of imaginaries are also very 


important. See Art. 93 in Chap. VI. 
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which was found in the discussion of the arc of a parabola in 


Art. 20, namely: 
= V¥1+ 42? - dz (1) 


This expression is easily reduced to: 


ds = aka] ay +at + de (2) 


and according to rule I, below, we have: 


for) as +e 422+ dr = a et (3) 


Therefore, writing a? for i we get an expression which is 


identical to form 57 in the table of integrals. 
Rule I.—Any constant factor may be removed from under the 


integral sign. Thus: 
if a:du=a ey du 


where a is aconstant and wu is any differential expression what- 
ever. 

Rule I1.—The integral of the sum of two differential expressions 
is equal to the sum of the integrals of the respective expressions. 
Thus: 


SJ (du t+ ad) = fdut fad 


where du and dv are any differential expressions whatever. 
Rule I].—When a differential expression is of the form wu” + du 
its integral is, of course, given by form 1 or by form 2 of the table 
of integrals, whatever the function w may be. 
For example consider the differential equation: 


dy = sin? x cos x « dz (4) 


Let sing =wu then sin?z=vwu? and cosx-dzr=du, and 
equation (4) becomes: 
dy = w+ du 
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whence 
y= w+C 
or, substituting sin x for u we have. 
y= 4sin'e+C (5) 


For problems see group 7 in the appendix. 
Rule IV. Integration by parts.—This rule is expressed Tie 


furdv=w—fo-du (6) 


This formula is sometimes useful when a given differential ex- 
pression can be resolved into two factors, namely, (a) any function 
u, and (6) a familiar differential expression dp. 

This rule is based on Art. 32 where it is shown that: 


d(uv) =u-dv+v-du 


w=fu-dtfov-du 


so that, by transposing we get equation (6). 
For example consider the differential equation: 


dy = x logx- dz (7) 


In this case 2 - dr(= dv) is a familiar differential expression, 
that is, it is the differential of 42?(=v). Therefore, using equa- 
tion (6), we have: 


Jf u-dm = wer —fov-du (6) 
fog 2)(e- dx) = (og 2)(d2*) — fdey(@) — ®) 


But (42) ( =) is 42-dz, and its integral is 427+ C. Therefore 


which is to say: 


equation (8) becomes: 
frlog x - de = 42° log x — x? —C (9) 
For problems see group 8 in the appendix. 
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Special methods. Some differential expressions require more 
or less elaborate transformations or substitutions to get them into 
forms whose integrals can be recognized, or easily obtained by the 
simple transformations of rules III and IV above. Among these 
special methods are the following: 

(a) Integration of rational fractions by resolution into partial 
fractions. For problems illustrating this method see Group 9 in the 
Appendix. 

(b) Integration of expressions involving Va? —22, Va? +a? 
or va?—a?. Such expressions can usually be reduced to recog- 
nizable forms by making the following substitutions. 

In va? — x? substitute asin @ for z. 

In vz? + a? substitute a tan @ for z. 

In vz? — a? substitute asec @ for x. 

Problems illustrating these trigonometric substitutions are given in 
Group 10 of the Appendix. 

(c) Miscellaneous Substitutions. A few problems involving mis- 
cellaneous substitutions are given in Group 11 in the Appendiz. 

A good discussion of integration transformations is given on 
pages 32-70 of W. E. Byerly’s Integral Calculus, Ginn & Co., 
Boston, 1881; second edition, 1888. 


CHAPTER IV. 
PARTIAL DIFFERENTIATION AND INTEGRATION. 


58. Differentiation of a function of two variables.—Consider a 
rectangle of length x and breadth y as shown in Fig. 40. The 
area of the rectangle is: 

A = wy (1) 


that is, the area is a function of the two variables x and y. 
Writing A+ AA for A, 
w-+- Av for 2, and 
y+ Ay for y, we have: 


A + AA = (x + Az)(y + Ay) 
A+AA =ay+a-Ayty-Axv+Az- Ay (2) 


whence, subtracting equation (1) from equation (2) member by 
member, we have 


AA =x-Ayt+y-Axr+Az- Ay (3) 
But when Az and Ay are infinitely small we may drop the 


second order infinitesimal Ax - Ay, and 
we get: 


or 


dA=x-dyty-dz (4) 


Now «x - dy is the infinitesimal incre- 
ment of A when y alone increases, 
and y - dz is the infinitesimal incre- 
ment of A when z alone increases. 
Therefore, according to equation (4), the infinitesimal increment 
of A when x and y both increase is equal to the sum of the two 
infinitesimal increments:—(a) that which is due to the increase of x 
alone and (b) that which is due to the increase of y alone. 
87 
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This proposition is a special case of a general theorem which is 
expressed by the equation: 


Oz 
Ce ace (5) 


where 2 is the derivative of z with respect to x on the assump- 


tion that y 1s constant, and = is the derivative of z with respect 


: : EO. F 

to y on the assumption that x 1s constant; that is = - dx is the 
infinitesimal increment of z due to an increment of z alone, 
a dy is the infinitesimal increment of z due to an increment 


“2 - dx +5 dy ) is the infinitesimal 
increment of 2 when x and y both increase. 

It is customary to use the symbol 0 instead of d in partial 
differentiation, but to do so is apt to be misleading because it 
gives the impression that there is an unexplained and mysterious 
difference between ordinary and partial differentiation. It is 
indeed allowable to use d instead of 0 because one always knows 
when one is dealing with a function of more than one independent 
variable. 


of y alone, and ae( = 


59. Successive partial differentiation—Let y be a function 
of a single independent variable x. Then the rate of change of y 
with respect to 2 is called the derivative of y with respect to 2. 
But this derivative is itself a function of 2 and its rate of change 
with respect to 2 is called the second derivative of y with respect 
to x; and so on as explained in Art. 46. 

Let z be a function of two independent variables 2 and y. 


Then the two first derivatives x and = are themselves functions 


of « and y, and each of these first derivatives has its derivative 
with respect to x and its derivative with respect to y. For 
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example, if z = zy’, then ~~ = 32°y3(=a), and $ — =325y?(=8); 
and each of these first speennane is a function x oer y. The 


derivative = (=a) has two derivatives, namely, oe (= 6zy') 


and (= 9x?y?); and the derivative = (= B) has two deriva- 


tives, namely, 5. (= 92?y?) and (= 62%y). 


2. 
The derivative of se with respect to x is indicated as x. 


2. 
The derivative of oe with respect to y is indicated as aoe oe 
Ox Oy > Ox 

02 
Ox + OY 


The derivative of i with respect to x is indicated as 


2. 
The derivative of es with respect to y is indicated as- os 


In the above example, namely, when z = 2*y’, the two second 


0°2 : 
away’ are each equal to 9a’y*. That is 
these two second derivatives are identical. Indeed the two deriva- 


ess 072 
derivatives, ayaa an 


072 0°2z : ; : ; 
emacs t 
tives aay and ayaa are always identical when 2 is a function of 


z and y. This proposition is very important in mathematical 
physics. 


60. Partial differential equation.*—Let z be a function of zx 
and y concerning which it is known that 


and let it be required to find an expression for z. Now y is 
setae 02 . 
assumed to be a constant when the derivative an 8 found from a 


* A very interesting example of a partial differential equation is discussed 
in Art. 90. 
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given function, and therefore y is to be looked upon as a constant 
in equation (1) when one tries to think of the function from which 
equation (1) is derived, that is, ay in equation (1) is to be con- 
sidered as a constant, so that we may write 


ay=b (2) 


and consider what function of x has a derivative equal to 62*. 
Evidently the desired function of 2 is [$b2*-+ C]. But in this 
argument y is assumed to be constant, so that the constant of 
integration C can be any function whatever of y. Therefore, 
writing f(y) for C and using ay for b, we have [Zayz* + f(y)] 
as the most general algebraic expression which gives az*y when 
differentiated with respect to x, and this is therefore the desired 
expression for z. That is: 


z= jaz*y + fly) (3) 


where f(y) represents any function of y whatever. Of course 
this function f(y) may include a term which does not contain y, 
as in ay? + by +c, or indeed it may be a simple constant which 
does not contain y at all. 

Equation (1) expresses the law of growth of z with respect 
to «x, and it is called a partial differential equation because z is 
a function of more than one independent variable. 


Example of an ordinary differ- | Example of a partial differ- 


ential equation. ential equation. 
If If 
ee a2 
aan oF (4) Soe ax? (6) 
then then 
z= jar +C (5) z= 300+ fly) (7) 


where C’ is a constant which | where f(y) is any function 
may have any value whatever. | whatever of y which does not 
If we place = 0 inequation | depend on z. 
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(5) we have 2 = C. Therefore 
the constant C is determined 
if we know the value of z when 
x= 0. 

The constant C is called the 
constant of integration. 


If we place x = 0 in equa- 
tion (7) we have z= f(y). 
Therefore the function f(y) is 
determined if we know z asa 
function of y when z = 0. 

The function f(y) is called 


the function of integration. 


The above discussion refers to very simple partial differential 
equations. As another example let us set up the partial differ- 
ential equation which characterizes a given function. Let 2 be 
any function whatever of s where s stands for «+ ay. Then 


Se ae ds _ ‘ . 
ie 1* and Ge a. Also, according to Art. 34, we have: 
de_dz ds 4, de _de ds 
dx ds dz dy ds dy 
: ds ds 
Therefore, using the values, —- = 1 and = =a, we have 
da dy 
acide dz dz 


dc: ds 2 dy “ds 

and consequently : 

dz dz 

dy = wy te (8) 
This is, of course, a partial differential equation, and it is satisfied 
by any function whatever of («+ ay). For example it is satis- 
fied by z=x-+ay, by z= (e+ ay)’, by sin (a+ ay), by 
log (« + ay), by e7*, etc. 


61. Differentiation of an implicit function—Any equation 
between a and y defines y asafunction of xf. If the equa- 
tion is solved for y, we have y as an explicit function of 2; 
otherwise the equation defines y as an implicit function of 2. 

* Tn this discussion the symbol d is used instead of @ for partial differentia- 


tion. 
+ Or x asafunction of y. 
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Thus 

62? + 10zy2+ y*+5=0 (1) 
defines y as an implicit function of x. It is convenient to repre- 
sent the entire left-hand member of equation (1) by the letter f. 
Imagine for a moment that f need not be equal to zero as required 


by equation (1), then af - dx would be the increment of f due 
of 


to an increment of x, and ae dy would be the increment of f 
due to an increment of y. But according to equation (1) f is 
always equal to zero. Therefore the increments dr and dy 
must be so related to each other as to make the sum of the two 


increments of f equal to zero. That is we must have:— 


He de + 3. dy = 0 (2) 
or, solving for dy we have 
’ dx’ 
of 
dy Ox 
i ay (3) 
dy 


This formula gives the value of ow when y is an implicit 


function of x as defined by the equation f = 0, where f is any 
algebraic expression involving a and y. 

In the above expression the two differentials dx and dy are 
called increments for the sake of brevity and clearness. A differ- 
ential is of course not an increment because it is infinitely small. 


PROBLEMS. 
Using the method of Art. 61, find a in the following 
expressions. 
Loe a pn 2) sae ee 
Ee arin on ee 
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dy x? — ay 

2. 23 = Sah — 3 = dy _ 

+ y ary —3 = 0, a 
Bee 10nt yf +-5 = 0,.—- WW Set oy? 


dx —-y*(15a + 2y)° 
dy _ a? ty va? — y? 
dx x(y + Vx? — y’) 


17% dy y-2z 
5 Diy i 2 =— a é 
an $ log (a? + y’?) = 0, fear pees 


4. log (2? — y*) — 2 sin 2 = Q, 


62. Slope of a hill—Imagine a hill built upon the plane which 
contains the x and y axes of reference, and let z be the height 
of the hill above the point on the plane whose codrdinates are 
x and y. Then an equation expressing z as a function of x 
and y is the equation of the surface of the hill. Thus 


z2=VP-2-¥ (1) 
is the equation of a hemispherical hill of radius r. | 
dz 
Ox 
functions of « and y. Thusif z= vr? — a? — y*, we have 


Consider the derivatives and a these derivatives are both 


OZ x 

a yt — gt — 2 
and 

OZ y 

ay Wey 


Let x’, y’ and 2’ be the codrdinates of a particular point on the 
surface of the hill as shown in Fig. 41. If the values x’ and y’ 


; : 0 
are substituted for x and y in the general expressions for = 


and a we get the values of these derivatives at the point p, and we 


0 
will represent these values by ( = | and ( =| . Then ( Ma ib 
P P 
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is the slope of the tangent line gq and it is equal to tana where 


0 3 
a is the angle shown in Figs. 41a and 41b; and (3 ) is the slope 


PR 


Fig. 41a. 


of the tangent line rr and it is equal to tan 8 where @ is the 
angle shown in Figs. 41a and 410. 


: 0z Oz 
In Fig. 41a = and ay 
as x increases, and z decreases as y increases. In Fig. 416 


02 02 +45 
oe and ay are both positive. 


are both negative; that is, z decreases 


63. Equation of the tangent plane.—The derivation of the 
equation of the tangent plane which touches a surface at a point 
is somewhat similar to the derivation of the equation of a tangent 
line which touches a curve at a point. Therefore it is worth while 
to give the derivation of the equation of a tangent line before 
considering the equation of a tangent plane. 

Let 2’ and 2’ be the codrdinates of the point p where the 
tangent line touches the plane curve cc, as shown in Fig. 42a. 


PARTIAL DIFFERENTIATION AND INTEGRATION. 95 


Starting at the point p in Fig. 42a, which is at a height z’ above 
the base line, travel along the tangent line tt covering the hori- 
_@ 


(x-x)tana 


y-y)tang 


zontal distance (« — x’) and the rise will be (x — 2’) tana or 


(x — 2’) A We thus reach any given point B in the tangent 


line of which the codrdinates are x and 2, and the value of 2 is 
; y de 
=e + 2) (1) 


which is the desired equation of the tangent line ft. 

Let 2’, y’ and 2’ be the codrdinates of the point p where the tan- 
gent plane touches the given surface 
(see Fig. 42b). Starting at the point p, 
which is at a distance z’ above the 
base plane, travel along the tangent 
line rr (which lies in the tangent 
plane) covering the horizontal dis- 
tance (y—y’) towards the reader 
in Fig. 42b, and the rise will be 


(y — y’) tan 6B = y—y’) (=) 
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Then continue along the line q’q’ parallel to the tangent line qq 
(the line gq’g’ lies in the tangent plane) covering the horizontal 
distance (« — x’) to the right in Fig. 420, and the rise will be 


(c — 2’) tana = (x — 2’) e) 


We thus reach any given point B in the tangent plane of which 
the codrdinates are x, y and 2, and the value of z is: 


= 2+ —y)(H) + @-21(Z) (2) 


which is the desired equation of the tangent plane. Of course the 
derivatives in this equation refer to the equation of the hill. 


64. Component slopes and resultant slope—Let X be the 
slope of a hill at the point p, Fig. 41, in a direction parallel to the 
z-axis. That is, X is the rise* per unit-horizontal-distance- 
parallel-to-the-x-axis, and it is equal to — 
(=) . Also let Y be the slope of 

Pp 
the hillat p inadirection parallel to 
the y-axis. Then Y = (=) . Tete 
Pp 
and Y be represented to a chosen 
scale by the lines X and Y in Fig. 

ony Reh ona ie 43. Then the diagonal R in Fig. 43 

Fig 43. represents what may be called the result- 

ee 2 s ant or actual slope of the hill at p. 
€ 2 and y axes are a own Th t ° th ii R int di +] 

as they would appear if seen —. he rns na emie dee NOU 

from abovein Figs.41aand41b, hill, and the lengthof R represents (to 

the chosen scale) the rise of the hill per 

unit-of-horizontal-distance-in-the-direction-of-R. This is a funda- 

mental and important theorem in the mathematical theory of 


electricity and magnetism, and the proof of the theorem is as 
follows: 


* If the slope is negative, X is the drop per unit horizontal distance, etc. 
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Let the line AB in Fig. 44 be the line of intersection of a 
horizontal plane through p with the plane which is tangent to 
the hill at p. Then the line AB is evidently at right angles to 


Fig. 44. 


R. Let the line ab be the line in the tangent plane at every point of 
which the tangent plane is unit distance above the horizontal plane 
through p. Then, by definition: 


1 

ees (1) 

ee (2) 
ps 

d eae (3) 
an Pq 


where pr, ps and pq are the distances shown in Fig. 44. But 
pr — pr 1 


— Lie 1 2 pe 
Se cos 0 mat R- cos @’ and Pq sin @ R- sin 0 Therefore 
XG —svCOsre (4) 
Y= hi sin 6 (5) 

and 
X+Y? =F (6) 
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These equations establish the proposition that R is the diagonal 
of arectangle of which X and Y are the sides as shown in Fig. 44. 


65. Example of gradient in two dimensions.—The observed 
pull in Fig. 10 is a function of one independent variable, the current 
as indicated by the ammeter, and in such a case it is helpful to 
plot a curve of which the abscissas represent observed currents 
and of which the corresponding ordinates represent observed 
values of pull. This curve is shown in Fig. 11. 

Frequently one is concerned with a quantity which depends 
upon two independent variables. For example one might be 
concerned with the distri- 
bution of temperature over 
a flat metal plate. In such 
acase it is helpful to think 
of the temperature at each 
point p as represented by 
the height at p of a hill. 
Then the component gradi- 
ents of temperature are rep- 
resented everywhere by the 
component slopes of the 
hill, and the resultant gra- 

Fig 45. dient of temperature is rep- 

resented everywhere by the 

resultant slope of the hill, as indicated by the sides and diagonal 
of the rectangle in Fig. 45. 


66. Example of gradient in three dimensions.—One might be 
concerned with the distribution of temperature throughout a solid 
body. Of course, the temperature would have a definite value at each 
point in a body, or, as expressed in mathematical language, the 
temperature J’ at each point would be a definite function of the 
coordinates x, y and z of the point, and the derivatives = a 

aw’ dy 
oT : 
and aa would also be functions of a, y and z. That is, the 
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three derivatives would have definite values at each point in the 

body, and the three derivatives, ae ; cab and ak are the com- 
ox Oy 0z 

ponent gradients of the temperature at the point in directions 

parallel to the respective axes of reference. Representing the 

resultant temperature gradient at a point by R and the three 

components of R by X, Y and Z, we have 


eae vgkys (1) 
x-2 (2) 
y=5 @) 


These equations constitute an extension to three dimensions of 
the theorem of Art. 64. 

In Fig. 45 the direction at right angles to the surface of the 
plate is available for purposes of geometrical representation, and 
one can think of an actual hill being built upon the plate so that 
the temperature of the plate at each point is represented by the 
height of the hill at that point; and of course this “ hill’? becomes 
a “valley” dipping below the plate where the temperature of the 
plate is below zero. 

The temperature at each point of a solid body, however, cannot 
be represented geometrically as a height because space is filled 
in every direction by the body itself. That is, every direction 
in space is used for representing the independent variables x, y 
and 2, and no direction is left for the representation of 7’. It is 
convenient, however, even in this case, to speak of the “temperature 
hill,” the “height” of the hill at each point of the body being the 
temperature itself, high or low as the case may be. 


67. Partial integrations.*—In many cases the derivative of a 


* What is here called partial integration is usually called multiple integra- 
tion, double, triple, quadruple, etc., as the case may be. 
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function of one independent variable can be set up or established 
by the use of elementary principles of physics and arithmetic, 
and the function itself can be found by one integration, as exempli- 
fied in Arts. 22 and 23. 

But when the function to be established is a function, say, of 
two independent variables (« and y for example), then it is 
usually necessary to perform an integration with respect to 2 
in setting up the derivative of the desired function with respect 
to y, or to perform an integration with respect to y in setting 
up the derivative of the desired function with respect to x. Such 
integrations may be called partial integrations because they are 
related to partial differentiation in the same way that ordinary 
integration (with respect to one independent variable) is related 
to ordinary differentiation (with respect to one independent 
variable). 


68. Volume of a hill. Example of partial integrations——For 
the sake of simplicity let us consider a particular case, namely, a 
hemispherical hill with its center at the origin of codrdinates. 
Then the equation of the surface of the hill is 


2=~w.P-—v—¥ (1) 


Thus Fig. 41a represents one quarter of a hemispherical hill, 
and it is required to find its volume. 


Fig. 46b. 
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Let v be the volume of the portion abcABC of the hill, as 
shown in Fig. 46a. Then v isa function of y (see figure), and 
the increment of v due to an infinitesimal increment of y is the 
volume of the thin slab in Fig. 46b. Therefore we have: 


dv=A-dy (2) 


where A is the area of the face of the slab as shown in Fig. 460. 
Therefore we must find an expression for A before we have a 


known expression for er 


Now apc in Fig. 46a is a plane curve, and equation (1) is the 
equation of this curve (ordinate z, abscissa x) if y is constant. 
Let a be the shaded area in Fig. 46a; then the strip with double 
shading is da and it is equal to z- dz. Therefore using the 
value of z from equation (1) we have: 


da = Vr — a? — y?- dx (3) 


and the total area A of the face abcp is the integral of this 
expression from 2 = 0 to 2 = ba = Wr? — y?.* Therefore: 


= V 722 


A= ve — a — y+ dx (4) 
z=0 
In performing this integration y is a constant. This integral 
gives an expression for A, and the value of A so found can be 
substituted in equation (2). Then equation (2) may be integrated 
between the limits y = 0 to y =r to give the desired expression 
for the volume V of the hill. That is 


y=r 
V= i} A - dy (5) 
y=0 


The above discussion applies to a particular case, namely, to a 
quarter of a hemispherical hill; but the volume of any hill what- 


* This value of ba is the value of x (for the given constant value of y) 
when z = 0, as found from equation (1). 
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ever can be found in the same way. Find by a first integration, 
the area A of a plane section of the hill parallel to the zz plane 
and at a distance y therefrom, and then integrate A - dy to 
get the required volume; or find by a first integration the area 
A’ of a plane section of the hill parallel to the yz plane and at a 
distance x therefrom, and then integrate A’- dz to get the 
required volume. 


The prismoid formula.—A prismoid is a solid with parallel top 
and bottom faces with sides generated by straight lines. Thus a 
cylinder is a prismoid, any wedge even if its base is a polygon or 
curve is a prismoid, Fig. 47a represents a prismoid. 

The volume of a prismoid is given by the formula 


a ea 


y 6 


xh (6) 
where 7’ is the area of the top face, B is the area of the bottom 
face, M is the area of the middle section (which is parallel to 
top and bottom faces) and h is the altitude of the prismoid. 
Equation (6) also gives the volume of any figure bounded by a 
second degree surface ss in Fig. 47b between parallel top and 


X= 


wil> 


Fig. 47a. Fig. 47b. 


bottom faces, and equation (6) can be used to give a very close 
approximation to the volume of any solid between parallel ends 
with sides smoothly curved from end to end. 
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PROBLEMS. 


1. Integrate equations (4) and (5), above, and find the volume 
of one quarter of a hemispherical hill as shown in Fig. 41a. Verify 
the result from the formula: volume of a sphere equals 47 times 
its diameter cubed. 

2. Find the volume of the entire wedge (20 inches long) in Fig. 
p2, the wedge being 8 inches wide in a direction perpendicular to 
the plane of the paper. 

Ans. 800 cubic inches. 


Note.—The volume of a wedge is, of course, easily found by using the prin- 
ciples of elementary geometry. It is 
intended, however, that this problem be 
solved by integration as follows: Let v 
be the volume of the shaded portion of 
the wedge as shown in Fig. p2. Then 
v is a function of x, and the increment 
of v due to an increment of x is the 
volume of the thin slab shown in Fig. p2. 


The area of the face of the slab is aa 


y-axis 


20 inches 


x 10 inches & 8 inches = 4x square inches. 
Therefore the volume of the slab is 4x-dr Fig. p2. 


cubic inches, That is, 
dv = 4x-dx 


and the desired volume is found by integrating this expression from « = 0 to 
x = 20 inches. 


3. Find the volume of the shaded portion of the wedge in 


10 inches 


ra (I 


12 inches 


16 inches 
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Fig. p3, the wedge being 6 inches wide in a direction perpendicular 
to the plane of the paper. 

Ans. 921.6 cubic inches. 

4. Find the volume of the frustum of a cone which is shown in 
Fig. p4. 

Ans. 229.2 cubic inches. 

5. Find the volume of the paraboloid of revolution which is 
shown in Fig. p5. 

Ans. 1060.7 cubic inches. 

Note.—The equation ‘of the paraboloid is y = pz, where the axis of 
revolution is the y-axis of reference; and the value of p is determined from 
the condition that x = 74% inches when y = 12 inches. 


15 inches 


Fig. pd. 


6. Find the volume of the shaded portion of the paraboloid in 
Fig. p6. 

Ans. 699.8 cubic inches. 

7. Find the volume of the spherical segment which is shown in 
Fig. p7. 

Ans. 276.79 cubic inches. 

8. Find the volume of the segment of a sphere which is shown 
in Fig. p8. 

Ans. 119.71 cubic inches. 

9. Find the volume between the zy plane and the plane 
z= a-+ be + cy and inside of the cylinder (4 — e)?+-(y—f)? = g? 
when a = 10 inches, b = 3, c = 2, e = 8 inches, f = 9 inches 
and g = 5 inches. 

Ans. 4085.7 cubic inches. 
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Note.—Let A-dy be the expression which must be integrated with respect 
to y to give the desired volume. Then A is obtained by integrating z-dzr 
between limits which are the two values of x found from (x — e)? + (y —f)? 
= for the given value of y, and then A-dy is integrated between the 
limits y=f+g and y=f—g. 


- 
_— T 
a 


‘a | | 
Py | 
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12 inches _h» 8 
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Fig. p7. 


10. Find the total volume which is common to the two cylinders: 
y+2=25 and 2+ y? = 25, everything being expressed in 
inches. 

Ans. 666.7 cubic inches. 


Note.—One should be able to determine the proper limits for each integra- 
tion in this problem if one understands problem 9. 


11. The inside dimensions of a barrel are 20 inches in diameter 
at each end, 23 inches in diameter at the middle and 31 inches long. 
What is the capacity of the barrel in gallons? 

Ans. 51.3 gallons. 


69. Area of the surface of a hill. Another example of partial 
integration.—It is desired to find the area of the portion caCA 
of the surface of the hill shown in Fig. 48 when the equation of 
the surface of the hill is given; this equation, of course, expresses 
the height z of the hill at a point as a function of 7 and y as 
explained in Art. 68. Let S be the area of caCA. Then the 
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increment of S due to an infinitesimal increment of y (= Bb 
in the figure) is the area dS of 
the narrow strip ca. To find the 
area of this narrow strip let s 
be the area of the portion from 
c to ds in the figure, then s is a 
functionof z, and the increment 
of s due to an infinitesimal in- 
crementof x is the small ele- 
ment of area ds which caps the 
prism dz .dy. This small ele- 
ment of area is sensibly coinci- 
dent with the tangent plane at 
ds, and therefore the normal to 
Fig. 48. ds makes an angle y with the 
z-axis whose tangent is equal to 
i (3 )'+ (=) which is the resultant slope of the hill at ds, 
according to Art. 64. 
Now the area of the base of the prism, dz - dy, is the projection 
of the area ds, and consequently we have: 


dx - dy = cosy: ds 


or 
ds ee dx + dy (1) 
cos Y 
But if 
oz \2 dz \? 
t = oles ised 
oa eS ay & 
we find: 
1 


cos y = 


(2) 


vi+(&) + (5) 


so that equation (1) becomes: 


as = 1+ (2) + (2) ae ay (3) 
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Now the expression under the radical is a function of x and y 
which may be found by differentiating the equation of the surface 
of the hill (which is given); and the total area of the strip ca 
(which is equal to dS) is the integral of (3) from x = 0 to x = ba* 
In this integration y and dy are constants. The value of dS 
so found is the required infinitesimal increment of the area caCA 
due to an infinitesimal increment of y, and the value of the area 
caC'A is found by integrating this expression for dS between the 
limits y=0O and y=y (meaning any value of y). If the 
entire area of the hill in Fig. 48 is to be found, the expression for 
dS must be integrated from y =0 to y = the intercept of the 
hill on the y-axis. 
PROBLEMS. 

1. The hill shown in Fig. 48 is a quarter of a hemisphere. Find 
the area of its surface and verify 
your result from the formula: 
area of a sphere = 47 times its 
radius squared. 

2. Find the area of the curved 
surface of the cone shown in 
Fig. p2. 

Ans. 135.8 square inches. 

Note.—Let a be the area of the 
shaded portion of th cone in Fig. p2. 
Then a isa function of x; and the in- 


crement of a due to anincrementof x 
is the area of the narrow strip shown in the figure. The width of this atrip 


(parallel to the slant height of the cone) is a x dx, and the length 


of the strip (circumference of the cone) is | <8 & winches. Therefore we 


get: 
da = 0.8641rx-dx 
* The value of ba is found from the given equation of the surface of the hill. 
It is the value of x for the given constant value of y when z = 0. 
+ This intercept is found from the equation of the surface of the hill by plac- 
ing x and z both equal to zero and solving for y. 
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and the required area is found by integrating this expression from z = 0 to 
x = 10 inches. 

3. Find the area of the curved surface of the frustum of the 
cone in Fig. p3. 

Ans. 144.38 square inches. 

4, Find the area of the part of the surface of the cylinder 


7aN 
10 inches 
k-—-—.-—--_-—*----- 
diameter 35 inches 


es aiaresrer: 7 


Paes 


x? + 22 = 100 which is inside of the cylinder xz? + y? = 100, the 
radii of the cylinders being measured in inches. 

Ans. 800 square inches. 

5. Find the area of the convex surface of the segment of a 
sphere which is shown in Fig. p5. 

Ans. 989.5 square inches. 

6. Find the area of a zone on the earth’s surface between 40° 
and 80° north latitude, taking the earth as a sphere 4,000 miles 
in radius. 

Ans. 34,500,000 square miles. 


CHAPTER V. 
MISCELLANEOUS APPLICATIONS. 


70. Influence of errors of observation upon a result. When 
one measures a thing with great care repeatedly the successive 
measurements never agree with each other, and it is easy to 
determine what is called the probable error* of the measurement 
by considering the discrepancies in a set of observed values. 
Thus the length of a bar might be found by repeated measure- 
ment to be 103.625 centimeters with a probable error of, say, 
=E 0.0036 centimeter; the mass of a body, as determined by re- 
peated weighing on a balance, might be 67.2382 grams with a 
probable error of, say, = 0.0006 gram. 

In many cases, however, it is not the directly measured 
quantities that are important but a result which is calculated 
therefrom; and it is often desirable to calculate the probable 
error in such a result when the probable errors in the individual 
measurements are known. For the sake of simplicity we will 
discuss a special case, as follows: 

A steel ball is weighed on a balance and its mass is found to be 
M grams with a probable error of = m grams, and the diameter 
of the ball is measured and found to be L centimeters with a 
probable error of -- 1 centimeters. The density of the steel 
as calculated from the measured values of M and L is: 


M 
nD (1) 


and it is required to find the probable error in D. The probable 


*See Franklin, Crawford and MacNutt’s Practical Physics, Vol. I, pages 
1-9 for a very simple discussion of errors of observation. For more complete 
discussion see Merriman’s Least Squares, John Wiley & Sons, New York. See 
also Palmer’s Theory of Measurements, McGraw-Hill Co., New York, 1912. 
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errors m and 1 are usually very small so that it is sufficiently 
accurate to calculate AD, (the probable error in D due to 
+ m) and AD; (the probable error in D due to +1) by the 
formulas: 


oD 
and 4 
fe) 
AD, = Br (3) 


Let AD be the probable error in the result due to m and 1 
together. Then AD is not equal to the sum AD,, + ADj, but 
according to the theory of probability we have: 


AD = V(AD,,)? + (ADi)? (4) 


PROBLEMS. 


1. Thescale of an alternating current ammeter reads in degrees, 
and the value of the current is 7 = k v6, where k is a constant 
and @ is the deflection in degrees due to a current of 7 amperes. 
The error of reading is probably +14 degree. What is the 
probable error in the result, 7, in fractions of an ampere (a) when 
the deflection is in the neighborhood of 200° and (6b) when the 
deflection is in the neighborhood of 20°? Take the value of k 
to be such that 10 amperes gives 100° deflection. Ans: (a) 
=E 0.0089 ampere, (6) - 0.028 ampere. 

2. What is the percentage error (probable) in the value of 7 
under conditions (a) and (b) in problem 1? Ans. (a) + 0.06 per 
cent., (b) + 0.6 per cent. 


Note. The percentage error is “ X 100. 


3. The diameter of a steel sphere is repeatedly measured and 
found to be 0.8762 inch with a probable error of = 0.0016 inch. 
Calculate the volume of the sphere and calculate the probable 
error in the calculated volume. Ans. 0.3525 cubic inch 
+ 0.0019 cubic inch. 
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Note. It is interesting to note that the percentage error in the volume is 
three times as great as the percentage error in the measured diameter, that is 


0.0019 . 4 0.0016 
0.3505 8 three times as great as 0.8762" 


4. Show that the percentage error of 2? is twice as great as 
the percentage error of xz, when 2 is an observed quantity and 
x’ is a calculated result. 

5. By measurement the length of a rectangle is 25 inches 
with a probable error of += 0.02 inch, and the width of the rec- 
tangle is 10 inches with a probable error of = 0.015 inch. What 
is the probable error in the calculated area of 250 square inches? 
Ans. = 0.421 square inch. 

6. The diameter of a steel ball is 2.542 centimeters = 0.001 
centimeter, and the mass is 116.25 grams + 0.02 gram. What is 
the density and what is the probable error in the density? Ans. 
7.781 grams per cubic centimeter + 0.0168 gram per cubic 
centimeter. 

71. Maximum and minimum values. It is evident that a 


growing thing reaches its maximum size when it stops growing; 
but a thing may stop growing for a while and then go on growing 


Amaximum; wu is positive when z is | Not amaximum; re is positive when 
x 
less than a, and negative when zis|z is less than a, also when 2 is 


greater than a. greater than a. 


again. Also it is evident that a decreasing thing reaches its 
minimum size when it stops decreasing; but a thing may stop 
decreasing for a while and then go on decreasing again. Thus 
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a is equal to zero when x =a in all four of the following 
oe 


figures, 49, 50, 51 and 52, but 6b is a maximum value of y in 
Fig. 49 only, and b is a minimum value of y in Fig. 51 only. 


—-a —--4 
Fig. 51. Fig. 52. 
a, une : eis mL : 
A minimum; de 8 negative when x Not a minimum; a 8 negative 
is less than a, and positive when x] when @ is less than a, also when 
is greater than a. x is greater than a. 


To determine the values of x for which a given function of x 
is @ maximum or a minimum, differentiate the function, place its 
derivative equal to zero, and solve for x. Then for each value a 
of x so found, determine the algebraic sign of the derivative for a 
value of x slightly less than a and also for a value of x slightly 
greater than a. Interpret the results by referring to Figs. 49 to 52.* 


PROBLEMS. 


In the first five problems, following, find for what values of x 
is y @ maximum or minimum and compute the maximum or 
minimum value in each case. 

Ly= 2 — 62°+0r+3. Ans. 2 = 13 y=7, fs mane 
mum: x = 3; y = 3, a minimum. 

2 

De yee ee ap Ans. « = 8; y= 8, a minimum: 

x= — 6; y = 2, amaximum. 


* A slightly easier method is to consider the values of the second derivative 
of the given function but the above method is sufficient. 
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Sp (eo — 4) (++ 1)*. Ans. 2 = —1; y= 0, a maxi- 
mum: z= 1; y = — 108, a minimum. 

4. y = 9% + 25e*, Ans. x = log V3; y = 30, aminimum 

5.y=3sinz+4cosa. Ans. x= tan? in the first quad- 
rant; y= 5, a maximum: zg = tan-'? in the third quadrant; 
y = — 5, a minimum. 

6. Divide the number 20 into two parts such that the product 
of one part by the square of the other part shall be a maximum. 
Ans. 13.33 and 6.67. 

7. What number added to one half the square of its reciprocal 
gives the least possible sum. Ans. 1. 

8. The cost of an electrical power transmission line is approxi- 
mately proportional to the weight of copper used because the 
cost of poles and the cost of erection can be expressed with a fair 
degree of accuracy as an addition of so many cents per pound on 
the cost of copper. Therefore the annual money cost represented 
by interest on investment and depreciation, being reckoned as 
so many per cent. of first cost, is proportional to the weight of 
copper used, or it is equal to kw where k& is a constant and w 
is the weight of copper used. 

The amount of power lost in a transmission line is halved if 
the amount of copper is doubled. Therefore the annual money 
loss due to loss of energy in the line is universely proportional 


to the weight of copper, or it is equal to - where m is a con- 
stant. 
Therefore the total annual money loss is kw + -. Find the 


value of w (expressed in terms of & and m) which will make 


this total annual money loss a minimum. Ans. w= , > 
: 


Note. This matter is discussed in electrical engineering books under the 
head of Kelvin’s law. See Franklin’s Electric Lighting, Art. 26, pages 66-70. 
The Macmillan Co., New York, 1912. 

8. It is desired to construct of sheet metal a cylindrical gallon 


9 
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measure without a cover. Find what its depth must be in 
order that the amount of sheet metal used shall be a minimum. 


Ans—7 = Ae (= 4.19) inches. 
Tv 


Note. The amount of sheet metal used will be a minimum when the 
surface area S of the vessel is a minimum; but S = 2rxy + 7x?, where x 
is the radius of the base of the cylinder and y isits depth. Since the measure 
is to contain 1 gallon (= 231 cubic inches), 7z’y = 231; and, substituting for 
z its value in terms of y, we have: 


S = 2v231ry + = 


The value of y which makes this expression a minimum is to be obtained. 


10. Determine the altitude of the cylinder of greatest convex 
surface that can be inscribed in a sphere whose radius is 10 inches. 
Ans. 14.142 inches. 

11. Determine the altitude of the cylinder of greatest volume 
that can be inscribed in a sphere whose radius is 10 inches. 
Ans. 11.547 inches. 

12. Determine the volume of the smallest cone which can be 
circumscribed about a sphere whose radius is 10 inches. Ans. 
at ™ (= 838.1) cubic inches. 

13. A man who can row at a speed of 4 miles per hour and 
run at a speed of 6 miles per 


ce hour wishes to reach the 
3 a point p from a boat at b 
LER as shown in Fig. p13 in the 
= eye least possible time. Find the 
Sheahan, Wags beac distance ap that the man 
Fig. p13. must run on the beach. Ans. 

1.056 miles. 


14. The strength of a rectangular beam is proportional to its 
breadth and to the square of its depth. Find the breadth and 
depth of the strongest beam which can be cut from a cylindrical 
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log whose radius is 18 inches. Ans. Breadth, 20.8 inches; depth, 
29.4 inches. 

15. For what angle of deflection does the old-fashioned tangent 
galvanometer give the greatest percentage accuracy in the value 
of the current? Ans. 45°. 


Note. The equation of the tangent galvanometer is: 
71=ktané6 


where 7 is the current in amperes, @ is the observed angle of deflection, and 
k isaconstant. Let dé represent the probable error of the observed value 
of 6, then the probable error in the value of 7 is: 


fy k.do 
cos? 6 


and the percentage error in the value of 7 is: 


di dé 
~ sin é@cosé@ 


p= 


in which dé being the probable error of @ is to be treated as a constant. 

A general discussion of this important matter of precision as dependent 
upon the choice of magnitudes of the quantities to be observed is given in 
Chapter XII of Palmer’s Theory of Measurements, McGraw-Hill Co., New 
York, 1912. 


72. The problem of the bent beam. The formulas used in 
connection with a bent beam are based on Hooke’s law, and the 


PF sectional area 8 iF F sectional area 8 . F 
eee ine AE ge oe = tay i Rag ogee = yee tt 
~~ original length L “eH *~ original length L a7. 
increase of length l decrease of length l 

Fig. 53. Fig. 54. 


derivation of two of the simpler formulas furnishes a good 


example of the use of calculus. 
Hooke’s law. Figure 53 represents a rod subjected to a 


; fixe : 
stretching force F. Experiment shows that moat proportional 
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l 


to L (Hooke’s law). Therefore we may write 
F l 
ig ae TS 
or 
ls 
F=E- ZL (1) 


in which £ is a proportionality factor and it is called the stretch 
modulus of the substance of which the rod is made. Equation 
(1) also gives the compressing force F required to produce a 
slight shortening of the rod as represented in Fig. 54. 

When a beam is bent the filaments on one side of the beam are 
lengthened, and the filaments on the other side are shortened. 
If we wish to determine the degree of lengthening or shortening 
it is necessary to consider a very short portion of the beam. 
But a very short portion of a bent beam has the same curvature 
as the osculating circle as shown in Fig. 55, and the easiest way 

median line 
length=Re@ 


very short portion 


7 
tA 
/ 
4 Za 1 
{ Cv ! 
\ A / 
\osculating / 
\. circle / 
Sows a7 C 
Fig. 55. Fig. 56. 


to think of the very short portion of the bent beam is to think of tt 
as a portion of a long beam which is actually bent into the are of a 
circle. Thus Fig. 56 represents a beam bent into the arc of a 
circle. 

A certain filament in the bent beam is unchanged in length. 
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This filament is located in what is called the median line (or 
plane) of the beam. The median plane of a beam of rectangular 
section is the middle plane of the beam. 

Let us consider the forces which act across a section qq of a 
bent beam as shown in Fig. 57. Considering these forces as 
acting on AB, they are a set of 
pulls on A and a set of pushes bulls q 
on B, and together they con- | = 
stitute a turning force or torque, 
T, about an axis O  perpen- 
dicular to the plane of the paper. 
It is the object of this discussion 
to derive an expression for T 
in terms of b, D, R and E, Fig. 57. 
where 0 is the breadth of the 
beam, D is the depth of the beam, FR is the radius of curvature 
of the median line of the beam, and EF is the stretch modulus 
of the material of which the beam is made. 

Let us consider the portion of the beam which lies between 
the radii RR in Fig. 56. This portion of the beam is shown to 


SWE ey FS 


pushes 


-length =(R+x)6 
length = Roe 


length =(R-x@ 


Fig. 58. 


a larger scale in Fig. 58. The original length of every filament 
of this portion of the beam is R@. Consider the upper filament 
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ff of the beam. The stretched length of this filament is 
(R + x)6, because ff is a circular arc of radius (R + 2x) and 
it subtends the angle 6. Therefore the filament ff has been 
increased in length by the amount x@ by the bending. Similarly 
it may be shown that the lower 
filament f’f’ in Fig. 58 has been 
shortened by the amount 2@ by 
the bending. 

Figure 59 is a sectional view 
of the beam with its depth arbi- 
trarily increased by added layers 
of material on top and bottom, 
and we wish to find the incre- 

sectional view of beam ment of 7 due to this assumed 
Fig. 59. increase of depth of the beam. 
The stretching force in the top 
layer can be found from equation (1) by substituting x@ for 1, 
b.dx for s and Ré for L, which gives 
F= 2 -x-dx 
this stretching force is a pull at A in Fig. 57, and its torque 
action about the axis OO in Fig. 59 is counter-clock wise as 
seen in Fig. 57, and it is equal to 
Fe = O atde 

The compressing force in the bottom layer is a push at B 
in Fig. 57, and its torque action about the axis OO is also counter- 
clock wise as seen in Fig. 57, and it is equal to 


_ Eb 


Fz Rede 
Therefore the total torque action due to the two added layers is: 
2Eb 


dT =~ +at-de (2) 
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Whence, by integrating, we have: 


T = oe + a constant (3) 
But it is evident that 7 = 0 when zx = 0, because a beam of 
zero depth would of course have no stiffness at all. Therefore 
the constant of integration in equation (3) is zero, and equation 
(3) becomes: 
_ 2 Hbx3 
ein Fe 


Ay (4) 


It is somewhat simpler to express 7 in terms of the depth D 
of the beam (= 2x). Therefore substituting 2 = a in equation 
(4), we have: 


T=... (5) 


This equation applies to a beam bent in any way whatever, T 
being the torque action 
across a particular section 
of the beam, and #& the 
radius of curvature of the 
median line at that point. 
Thus Fig. 60 shows a beam 
with one end fixed in a wall 
and carrying a weight W 
at the other end. In this 
case the bending torque at 
p is equal to W(a — 2), 
and the torque action across 
the section of the beam at Fig. 60. 

p is equal and opposite to 

W(a — 2x) Therefore, ignoring algebraic signs, we have 


T = W(a—2) (6) 
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Substituting this value for 7 in equation (5) and solving for R 


we have: 
at EbD? 


ee 12 W(a — 2) 7) 
or 
Cc 
ee (8) 
where 
1 HbD* 
Peo aT (9) 


Let it be required to find the equation of the curve formed by 
the median line of the beam in Fig. 60. According to Art. 49 
the radius of curvature of any curve at a point is: 


R= [e+ Ga) (10) 


dz? 
If the bending of the beam in Fig. 60 is very slight the value of 
a will be everywhere very small so that, as a first approxima- 


2 
tion, we may neglect ee in the numerator of equation (10) where 


it is added to the much larger constant quantity 1. Therefore 
from equations (8) and (10) we have 


1 c 
Py a—s Gl) 
dx? 
or 
Pyros 
dz ee Se 
whence, by integrating,* we have 
d ApS Sein 
a = 7 9, F 2 constant (13) 


* By recognizing the function of which = = is the derivative. 
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dy . 
But = is actually* equal to zero when x = 0 in Fig. 60, so 


that the constant of integration in equation (13) is zero, or: 


dx = ¢  2¢ (14) 
Integrating this expression, we have: 
Ce 
ea Fans + a constant (15) 


But y=0 when z=0 in Fig. 60, so that the constant of 
integration in equation (15) is zero, and equation (15) becomes: 


=@_e (16) 


in which c the constant defined by equation (9). 


73. Average value of a function. Let y be a function of. x 
as represented by the curve 
cc in Fig. 61. The average 
value of y between x =a 
and « = b is the shaded area 
in Fig. 61 divided by the base 
(b—a). This gives the height 
of arectangle of base (b — a) 
the area of the rectangle being 
equal to the shaded area in 
the figure. From this definition of average value we have: 


average value of y } get ei be 
ocean t=aandz=bj b—a)_, y de (1) 


PROBLEMS. 


1. The velocity of a falling body is v = gt. Find the average 
value of v from t=0 to {= 10. Ans. 5g. 
* Not approximately. 
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2. The velocity of a falling body, starting with an initial 
velocity u, is v= u-+gt. Find the average value of v from 
t=5 to-t= 10. Ansiu + 7.59. 

3. Find the average value of y = sina from « = 0 to x = =. 
The answer is shown in Fig. p3. 


Fig. p3. 


4. Find the average value of e = Esinwt during a whole 
cycle from wi = 0 to wt = 2a. Ans. Zero. 

5. Find the average value of y = sin? during a half cycle 
(c = 0 to x = r) and during a whole cycle (« = 0 to xz = 2z). 
The answer is shown in Fig. p5. 


Fig. p5. 


6. Find the average value of y = sinzsin (x — 6) during a 
whole cycle (x = 0 to x = 27). Ans. 4 cos 0. 
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CENTER OF GRAVITY. 


74. Resultant of a set of parallel forces. The single force R 
in Fig. 62 is equivalent to the three parallel forces A, B and C 
combined, and it is called the 
resultant of A, B and C. «-—-—--x cee 


The value of R is equal to Sapna apse | 


A+B+C, and the point of ; 
application of R isdetermined 0 if ie 1 2 e 
by the condition that the | 

! 


torque actionof R about any 

arbitrarily chosen axis O 

(perpendicular to the plane of Fig. 62. 
the paper) must be equal to 

the combined torque action of the given forces A, B, and C 
about that axis. That is: 


Reet Be (1) 
and 
RX = Aa+ Bb+ Cc (2) 
so that 
_ Aa + Bb+ Ce 
Ng ear so 


Definition of the center of gravity of a body. Every portion 
of a body is pulled downwards by gravity, and the forces which 
thus act upon the various parts of a body are together equivalent 
to a single force (their resultant) the point of application of which 
is called the center of gravity of the body. Thus the short arrows 
fff in Fig. 63 represent the forces with which gravity pulls on a 
body, these forces are together equivalent to the single force F, 
and the point of application of F is the center of gravity, C, 
of the body. 

The force with which gravity pulls on a body is proportional 
to the mass, m, of the body. Therefore, if we use the pull 
of gravity on a one-pound body as our unit of force, the pull 
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of gravity on any body is numerically equal to the mass of the 
body in pounds. Thus a 10-pound body would be pulled by 10 
units of force. This unit 
of force is called a pound. 
It is evident therefore 
that the word pound has 
two meanings; it signifies 
a unit of mass when we 
speak of so many pounds 
of sugar or coal, and it 
signifies a unit of force 
Fig. 63. when we speak of so 
many pounds of force. 
Consider a small particle of the body in Fig. 63 of which the 
mass is dm pounds and of which the abscissa is x as shown. 
The pull of gravity on the particle is dF’ =dm, the torque 
action of this force about the axis O (perpendicular to the plane 
of the paper) is x-dm, the combined torque action about O 
of all the forces fff may be expressed as the integral f x-dm, 
and this total torque action is equal to the torque action about 
O of the resultant 7. Therefore we have: ) 


FX = fx-dm (4) 


Now the force F is equal to the total mass M of the body as 
above explained. Therefore from equation (4) we have: 


fx-dm 


af (5) 


Similarly, the y and z coérdinates of the center of gravity are 
given by the equations: 


y-dm 
aes (6) 
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and 


-d 
pea fs 


Equations (4) and (5) have exactly the same significance as 
equations (2) and (3); and when the value of if: x-dm is found 
for the whole body, then the distance X of the center of gravity 
from the origin O can be calculated if the total mass of the body 
is known. 


75. Center of gravity of a bent rod. It is desired to find the 
codrdinates X and Y of the center of gravity of a rod which is 
represented by the heavy black portion of the parabola which is, 
shown in Fig. 64 and whose equation is y = ka. Let h be 


the mass of the rod per unit of length (pounds per foot). Then 
h-ds = hv(dz)? + (dy)? 


is the mass in pounds of the portion ds of the rod, as may be 
understood with the help of Fig. 65. But from the equation of 
the parabola , y = ka?, we have 


dy = 2ka-dz. 
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Therefore h~(dx)? + (dy)? is equal to hvi + 4k2?-dx and 
this expression is to be used instead of dm in equation (5) of 
the previous article so that: 


r=zb 
h avi + 4k2?-dx 
5 eg areas en a 2 
Now the mass of the rod in Fig. 64 is the length of the rod 
multiplied by h,- and the length is given by the integral of 
V1 + 4kx?-de from x =a to x=b. Thatis 


b 
M=h V1 + 4ka?- dx (2) 
When WM is determined by this equation its value can be used 
in equation (1) to give the value X. 
In a similar manner equation (6) of Art. 74 gives, for the bent 
rod shown in Fig. 64: 


x—=b 


hk vl + 4k222-dx 


ee nae coe ae @) 


from which Y can be calculated when M is known [see equation 
(2)]. 


76. Center of gravity of a solid cone. Consider the solid 
cone shown in Fig. 66. To determine the location of the center 
of gravity of this cone equations (5), (6) and (7) of Art. 74 can 
be used as in the case of a bent rod, but it is worth while to give 
a slightly different argument as follows: Let T be the torque 
action of the pull of gravity on the cone, J’ being reckoned about 
the axis O (perpendicular to the plane of the paper). Then TJ 
is evidently a function of the length 2 of the cone (xz isshown in 
Fig. 67), and the increment of 7’ due to an increment of z is: 


dT = x-dF (1) 
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where dF is the force with which gravity pulls on the thin slab 
of material in Fig. 66, the radius of the slab being y and its 
thickness dz. The volume of this slab is ry?-dx and its mass is 


Fig. 66. 


aDy?-dx (= dm) where D_ is the density of the material in 
pounds per cubic foot. But y = kz, where k is the tangent 
of the half-angle of the cone. Therefore dm = dF = rk?Da?-dz, 
so that equation (1) becomes 


ar = rk? Dz - dx (2) 
whence 
2 
T = ae - 24+ a constant (3) 


but it is evident that 7’ is zero when x =0 because when zx = 0 
there is no cone at all. Therefore the constant of integration in 
equation (3) is equal to zero, and equation (3) becomes 


= wk?D oF (4) 


ot sear 


Now the volume of the cone in Fig. 66 is a function of x whose 


increment dV is: 
dV = ry’-dx , (5) 
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or, using y = kx as before, we have 
dV = rk’a'dx (6) 
V = $ak*25 (7) 


so that 


the constant of integration being zero because V=0O when 
x = 0. The mass, M, of the cone is equal to DV pounds, and 
the total pull of gravity on the cone is therefore F = DV pounds. 
The torque action of this force about the axis O is 


FX = DVX = DX times $rk?x3 


and this torque action is equal to J. Therefore, substituting 
DX times 4rk?2* for T in equation (4) and solving for X, 
we have: 


xX: = $2 (8) 


77. Average distance of the particles of a body from a plane. 
A new view of center of gravity. Imagine a body to be made 
up of minute particles of equal mass. Then the number of 
particles in a piece of the body would be proportional to the 
mass of the piece, that is, equal to N X mass of piece, where 
N isaconstant. Let dm be the mass of a small piece of a body; 
then N-dm is the number of particles in dm. If 2 is the 
abscissa of dm, then « X N-dm is the sum of the abscissas 
of all the particles in dm, and the integral f Na-dm or Nf x-dm 
(extended so as to include the entire body under discussion) 7s 
the sum of the abscissas of all the particles of the body. Further- 
more NM is the total number of particles in the body, M being 
the mass of the body. Therefore, dividing N if x:dm by NM 
we have the sum of the abscissas of all the particles divided by the 
number of particles, which is the average abscissa of the entire body. 
Representing this average abscissa by X we have: 


Nf x-dm f-dm 
5 SANT elt 
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Therefore, comparing this with equation (5) of Art. 74 we see 
that the abscissa of the center of gravity of a body is the average 
abscissa of all the particles of the body, and similar statements can 
be made with reference to Y and Z as given by equations (6) 
and (7) of Art. 74. From the point of view of averages the 
center of gravity of a body is usually called the center of mass 
of the body. 
PROBLEMS. 

1. Four downward forces of 100 pounds, 125 pounds, 200 
pounds and 50 pounds act upon a bar at distances of 10 inches, 
16 inches, 18 inches and 24 inches from the end of the bar, 
respectively. Find the value of the resultant of the four forces 
and the distance from the end of the bar to the point of applica- 
tion of the resultant. Ans. 475 pounds, 16.4 inches. 

2. Find the center of gravity of a straight bar 15 inches long 
and of uniform sectional area on the assumption that the density 
of the material is given by the equation D = kz?; where D. is 
the density of the material at a point, x is the distance of the 
point from the end A of the rod, and k isa constant. Ans. 12 
inches from end A. 


Fig. p3a. 


3. Find the location of the center of gravity of a rod bent 
into the arc of a circle as shown in Fig. p3a. Ans. 8.27 inches 
from the center of the circle in the line AB. 

10 
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Note. Figure p3b shows how this problem may be formulated. ~The length 


of the portion ds of the rod is — where @ is the angle between ds and 


the z-axis and it is equal to the complement of the angle between r and the 
z-axis. That is cos @ = 2 The total added mass corresponding to dz is 


the mass of the two short portions ds. Therefore 


dm = dF =—— xh 
cos 6 


where fA is the mass of the rod per unit length. With this start it is easy to 
carry the problem through to a conclusion. 


4. Find the distance from the 16 inch base to the center of 
gravity of the entire wedge (380 inches long) which is shown in 
Fig. p4. Ans. 10 inches. 

5. Find the distance from the 16 inch base to the center of 
gravity of the frustum of a wedge (12 inches long) which is shown 
in Fig. p4. Ans. 5.5 inches. 


ceceennrn==--y, 
/\ 


10 inches a 


ee 


6. Find the distance from the apex to the center of gravity 
of the entire cone (10 inches long) shown in Fig. p6. Ans. 7.5 
inches. 

7. Find the distance from the apex to the center of gravity 
of the frustum of a cone (5 inches long) which is shown in Fig. p6. 
Ans. 8.04 inches. 


8. Find the position of the center of gravity of a solid hemi- 
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sphere whose radius is 16 inches. Ans. 6 inches from the 
center of the sphere on the axis of symmetry. 


Note. This problem can be formulated in a manner very similar to the 
formulation of the problem of the cone which is discussed in Art. 76; and Fig. 
p8 will suggest the method of formulation. 


9. Figure p9 represents a segment of a solid sphere. Locate 
its center of gravity. Ans. 14.32 inches from the center of 
the sphere on the axis of symmetry of the segment. 


y-axis = 
segment of sphere rn T 
Ck 
7 | 
7 
. 
bs 
1g 
12 inches vy 
5 
E 
ed 
i L 
Fig. p8. Fig. p9. 


10. Locate the center of gravity of a thin hemispherical shell 
whose radius is 16 inches. Ans. 8 inches from the center of 
the sphere on the axis of symmetry of the shell. 


Note. Let Fig. 3b represent a thin spherical shell. Then 2zy.ds is the 
area of the portion of the shell corresponding to dz. The mass dm of this 
portion of the shell is 2ry.ds X a, where a is the mass of the shell in pounds 
per square foot. With this start it is easy to carry the problem through to 
a conclusion. 


11. Locate the center of gravity of the solid paraboloid which 
is shown in Fig. pll. Ans. 8 inches from the vertex of the 
paraboloid on the axis of the paraboloid. 

12. Locate the center of gravity of the frustum of a solid 
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paraboloid which is shown in Fig. p12. Ans. 9.91 inches from 
the vertex of the paraboloid on the axis. 
13. Locate the center of gravity of the thin paraboloidal shell 


15 inches 


Fig. p11. 


which is shown in Fig. pll. Ans. 6.73 inches from the vertex 
of the paraboloid on the axis. 

Note. In the solution of this problem it is necessary to integrate an ex- 
pression of the form if ava + b«-dz. This expression can be put into a 
form whose integral is easily recognized by substituting 


2=a+bar 
so that 
mee eG 
ae 
and 


14. Figure p14 represents a flat metal plate cut with a parabolic 
edge. Locate the center of gravity of the whole plate. Ans. 
5.4 inches from the vertex of the parabola on the axis. 

15. Locate the center of gravity of the portion AB of the 
plate shown in Fig. p14. Ans. X = 6.66 inches, Y = 0. 

16. Locate the center of gravity of the portion A of the plate 
shown in Fig. pl4. Ans. X = 6.66 inches, Y = 3.42 inches. 


Note. Consider a small element of the plate as represented by the shaded 
square in Fig. p16. The area of this element is dz.dy and its mass is dm = 


k-dx-dy, where k is a constant. Therefore the integrals if x:dm and 
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af; y-dm become k i if x-dx-dy and k ali f y:dxdy, respectively. The double 


integral signs indicate that two integrations are necessary in each case, one 
with respect to x and the other with respect to y. The limits of these integra- 
tions are most easily assigned when the integration with respect to y is made 


hes 
& 
& 
a 


16 inc 


Fig. p16. 


first. In this case the integration with respect to y is between the limits 
y = 0 and y= Vax (where y? = az is the equation of the parabola). An 
this integration x and dz are treated as constants. Then the integration 
with respect to « is made between the limits x = 4 inches and x = 9 inches. 


17. Locate the center of gravity of a flat plate which is in the 
shape of a sector of a circle as shown in Fig. p17. Ans. In the 
line AB at a distance 6.36 inches from A. 
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18. Suppose that the density of the material of which a sphere 
is made is kr where k is a constant and r is any distance from 
the center of the sphere. Locate the center of gravity of half 
of the sphere, its radius being 2 feet. Ans. X = 0.8 foot. 


Note. Consider a ring-shaped element of material lying in the thin slab in 
Fig. p18; the radius of the ring being y and the thickness and breadth of the 
ring being dx and dy respectively. The volumeof this ring is 2ry-dx-dy 
and its mass is equal to kr X 2ry-dx-dy, where r = Vz? + y? as shown 
in the figure. Therefore the pull of gravity (parallel to the y-axis, say) on the 
ring-shaped element is 2rky~2? + y?-dx-dy and the torque action of this pul 
about the axis O (perpendicular to the plane of the paper) is: 


dT = Qrkay Vx? + y?-dx-dy 


With this start the problem can be formulated without difficulty. The 
total mass of the hemisphere can be found by integrating, between proper 
limits, the expression: 

dM = 2nkyvax? + y? + da-dy 


19. What is the average distance of the points on a semi-circle 
from the diameter which bounds the semi-circle? Ans. 0.64 
of the radius. 


Note. Let N be the number of points per unit length of a line. Then 


N-ds is the number of points in the line element ds, and Nar is the number 
of points on the semi-circle. 


20. What is the average distance of all the points in a semi- 
circular area from the diameter which bounds the semi-circle? 
Ans. 0.42 of the radius. 


Note. Let N represent the number of points in one unit of area. Then 


N-dA is the number ef points in an element of area dA and N- st is the 


number of points in the semi-circle. 


CENTER OF PRESSURE. 


78. Force exerted on a water gate. Figure 68 shows a water 
gate covering an opening inadam. The short arrows fff repre- 
sent the forces with which the water pushes against the gate. 
These forces are together equivalent to the single force F, their 
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Fig. 68. 


resultant, the point of application of which is called the center 
of pressure on the gate. The force F is equal to the sum of'all 
the forces fff, and the torque action of F water level dam o 
about an arbitrarily chosen axis O (see ~—— 
Fig. 69) is equal to the sum of the torque 
actions about O of the forces fff. 

Consider a horizontal strip of the gate 
of which the width is dz as shown in Fig. 
69, and of which the lengthis w. The area 
of this stripis w-dx andtheforce dF ex- 
erted on the strip is:* 


dF = Dwz-dx (1) 
Therefore 
z—=b 
F= Dw [ x: dx (2) Fig. 69 


* The pressure in pounds per square foot at a place x feet beneath the 
surface of water is p = Dz, where D is the density of water in pounds per 
cubic foot (= 6214). Furthermore, the force exerted on the strip is found 
by multiplying the area of the strip in square feet by the pressure in pounds 
per square foot. 
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which gives 
F = 4Dw(b? — a?) (3) 


The torque action of the force df aboutthe axis O is x-dF 
or Dwz?-dz, and the total torque action about O of all the 
forces fff is 


e—=D 
T= Dw {I x?-dx (4) 
which gives - 
T = 4Dw(b? — a?) (5) 


This torque action must be equal to XF. Therefore using the 
value of F from equation (8) we have 


4Dw(b? — a®)X = 4Dw(b 3 — a’) (6) 
2 /B — a3 
asa et 


79. Force exerted on a curved surface by a stationary fluid 
under pressure. The short arrows fff in Fig. 70 represent 
the forces with which the water pushes on the curved surface of 
adam. All the forces fff are together equivalent to a single 
force F (see Fig. 73) which is called their resultant. Let F, 
and F, be the « and y components of F as shown in Fig. 73. 
Then F, is the sum of the z-components of the forces fff 
in Fig. 70, and F, is the sum of the y-components of the 
forces fff. Let X and Y be the codrdinates of the point of 
application of the resultant force F (see Fig. 73). Then we have 
the following four conditions which determine F,, F,, X and Y: 

(a) F, is the sum of the z-components of the forces fff. 

(b) Fy, is the sum of the y-components of the forces fff. 

(c) The torque action of F, about the arbitrarily chosen 
axis O is F,Y, as may be seen from Fig. 73, and this torque 
action is equal to the sum of the torque actions about O of 
the z-components of the forces fff. 


whence 
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(d) The torque action of Fy about O is F,X, and this 
torque action is equal to sum of the torque actions about O of 
the y-components of the forces fff. 

In order to formulate these four conditions it is necessary to 
derive expressions for the x and y components of the force dF 
which is exerted by a fluid on an element of a curved surface. 
Consider the surface element AB, Fig. 71, the width of the 
element being ds and its length IJ (perpendicular to the plane 
of the paper). Theareaof AB is l.ds square feet, and the force 
in pounds exerted on AB is dF = pl.ds, where p is the pressure 


Fig. 70. Fig. 71. 


of the fluid in pounds per square foot. The x and y components 
of dF are, respectively: 
dF, = sin ¢-dF 


and 
dF, = cos ¢-dF 
Therefore, using pl-ds for dF, using a for cos ¢, and using 


dy for sin ¢, we have 
ds 


dF, = pl-dy (1) 
d 
ee dF, = pl-dz ( 


To determine the total force exerted on the face of the dam in 
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Fig. 70, that is, to determine the two components F, and Fy, 
of the total force and the codrdinates X and Y of its point of 
application as shown in Fig. 73, consider the element of area 
l-ds as shown in Fig. 72, where 1 is the length of the dam per- 


. mf 
nS 
=--H- 


my 


(" my 


e-—— — 


Fig. 72. Fig. 73. 


pendicular to the plane of the paper. The pressure of the water 
at this element is Dy pounds per square foot as explained in 
the footnote to Art. 78. Therefore, using Dy for p in equations 
(1) and (2), we have for the x and y components of the force 
dF in Fig. 72: 
dF, = Dly-dy (3) 
and 4 
dF, = Dly-dx (4) 


From equation (3) we find the z-component of the total force 
exerted on the dam by integrating between the limits y = 0 
to y =h, which gives: 


2 = 3DIh? (5) 
The equation of the parabola in Fig. 72 is 


h 
Y= re 


Therefore, using this value of y in equation (4) and integrating 
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between the limits z = 0 to x =b, we find the y-component 
of the total force exerted on the dam, namely: 

F, = 3Dthb (6) 


To find the distance X in Fig. 73 it is necessary to find the 
total torque action about O of all the forces dF, and place the 
result equal to F,X. The torque action of dF, (the y-com- 
ponent of dF in Fig. 73) about O is x.dF,, which by equation 
(4) becomes Dixy-dzx. But 


so that the torque action of dF, about O is Dia da, and the 


torque action of all the forces dF, about O is 


Dit, {-, 2-de 
which is equal to }DIhAb?. Therefore we have 
XF, = <Dihb? (7) 
or, using the value of F, from (6), we have: 
X = 2b (8) 


The torque action of dF, (the x-component of dF in Fig. 73) 
about O is y-dF,;, which by equation (8) becomes Dly?-dy; 
and the total torque action of all the forces dF, is 


Di f ts ody 
which is equal to #DIh’. Therefore we have: 

YF, = 3DIh3 (9) 
or, using the value of F, from (5), we have 


Y = gh (10) 


colbo 
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PROBLEMS. 


1. Find the total force F acting on the gate in Fig. 68 and 
find the distance X, when a = 4 feet, 6 = 8 feet and w = 4 
feet. Ans. 6000 pounds, 6.22 feet. 

2. Adam has a circular hole through 
it 6 feet in diameter. The center of 
the hole is 7 feet beneath the surface of 
the water. The hole is covered with 
a gate. Find the total force with 
which the water pushes on the gate 
and find the distance from the surface 
of the water to point of application 
of this force. Ans. 12,370 pounds, 7.32 
feet. 


Note. Consider the element of area which is 
represented by thesmall shaded square in Fig. p2. 
The pressure at thisarea is kx where k isa 


Fig. p2. 


constant. Therefore the force acting on the element of area is kx-dx-dy, 
and the total force on the gate is ep f kx-dx-dy. To specify the limits of this 


integration let y = f(z) be the equation of the circle in Fig. p2 (the gate), 
Then if we integrate first with respect to y the limits are y = — f(z) to 
y = +f(v). We may then integrate with respect to x between the limits 
x=b—rto wv=b-+r7. 

The torque action of the force ka-dx-dy about the axis O (perpendicular 
to the plane of the paper) is ka®-dx-dy, and the total torque action of the 
force acting on the entire gate is given by the integral f ‘f "ka? -da dy. The 
limits are the same as stated above. 


3. Find the abscissa X and the ordinate Y of the center of 
pressure of the shaded half of the circular water gate in Fig. p2, 
where 6 = 7 feet and r= 6 feet. Ans. X = 7.32 feet, Y = 
1.27 feet. 

MOMENT OF INERTIA. 


80. Kinetic energy of a rotating body. Definition of moment 
of inertia. Consider a wheel which is rotating n revolutions 
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per second. Its speed in radians per second is 
w = 2rn (1) 


because there are 27 radians in one revolution. The speed of 
a rotating body in radians per second is called the angular 
velocity or the spin velocity of the body. 

Consider a particle of the wheel at a distance r from the axis 
of rotation. As the wheel rotates this particle travels in a circle 
of which the circumference is 27r and it travels n times round 
this circle per second so that the velocity v of the particle is 


v = 2rnr (2) 
or using w for 27n according to equation (1), we have: 
v= or (3) 


If the spin velocity of the wheel is doubled it is evident from 
this equation that the velocity of every particle in the wheel 
will be doubled so that the kinetic energy of every particle in the 
wheel will be quadrupled. Therefore the total kinetic energy, 
W, of a rotating wheel is quadrupled if the spin velocity 
of the wheel is doubled; that is, for a given wheel, W_ is pro- 
portional to w?, and for the given wheel there is a definite 
constant by which w? may be multiplied to give W. That is: 


W = 7Ko? (4) 


where (3K) is the proportionality factor for the given wheel. 
The constant K is called the moment of inertia of the wheel,* and 
it depends upon the size, shape, and mass of the wheel. 


* The kinetic energy of a particle is equal to 4mv?, where m is the mass 
of the particle in pounds, » is its velocity in feet per second, and kinetic energy 
is expressed not in foot-pounds, but in foot-poundals. Throughout this dis- 
cussion of moment of inertia distance is expressed in feet, velocity in feet per 
second, mass in pounds, force in poundals, torque in poundal-feet, work or 
energy in foot-poundals, and moment of inertia in pound-feet.? 
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81. General integral expression for moment of inertia. Imag- 
ine a small particle of mass dm to be added to the spinning 
body at a distance r from the axis of spin. Then the velocity 
v of the added particle is wr, and the kinetic energy of the added 
particle is 4dm X wr? which is, of course, the infinitesimal 
increment of the kinetic energy of the spinning body due to the 
added particle. Therefore 


dW = 4wr’dm 
and by integration* we have 
W = 40% fr?-dm (5) 
Comparing this equation with equation (4) it is evident that 
K= if r2-dm (6) 


82. Average value of the square of the distances of all the 
particles of a body from an axis. Definition of radius of gyration. 
Using the ideas of Art. 77, N-dm is the number of particles in a 
small piece dm of a body. If r is the distance of the small 
piece dm from a chosen axis, then Nr?-dm is the sum of the 
squares of the distances of all the particles in dm from the axis, 
and the integral ff Nr?.dm or N ye r?-dm extended so as to 
include an entire body is the sum of the squares of the distances 
of all the particles of the body from the axis. But NM is 
the number of particles in the body. Therefore 


N fr-dm fre dm 
Nim eae (1) 


is the average value of the squares of the distances of all the 
particles of a body from the axis. This average may be repre- 

* This integration can only be indicated. Before the actual value of the 
integral can be found r and dm must be expressed in terms of one or more 


independent variables, and the limits of the integration must be such as to 
include the entire spinning body. 


MISCELLANEOUS APPLICATIONS. 143 


sented by p? so that 


: iP r+ dm 

2 er Me (2) 
or 

eM = fr-dm (3) 


but if r’-dm is the moment of inertia K of the body with respect 
to the chosen axis, according to equation (6) of Art.81. There- 
fore we have: 


K = °M (4) 


The distance p, which is the square-root-of-the-average-value- 
of-the-squares-of-the-distances-of-all-the-particles-of-a-body-from- 
a-chosen-axis, is called the radius of gyration of the body with 
respect to the chosen axis. 


83. Moment of inertia of a circular saw about its axis of 
spin. The moment of inertia of a circular saw could be easily 
derived from equation (6) of Art. 81, but it is instructive to give 
the complete argument again as follows: Let W_ be the kinetic 
energy of a circular disk r feet in radius rotating at a constant 
spin velocity of w radians per second, as shown in Fig. 74, and 


added , 
material 


let it be required to find the infinitesimal increment of W due 
to an arbitrary infinitesimal increment of 7. Let ¢ be the thick- 
ness of the disk and let D pounds per cubic foot be the density 
of the material of which the disk is made. Imagine the radius 
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of the spinning disk to be increased by the addition of material 
as indicated in Fig. 74. The volume of the added material is 
' Qer Xt X dr, the mass of the added material is 2air-dr X D 
pounds, the velocity of the added material is wr, the kinetic 
energy of the added material is equal to one half the product of 
its mass times the square of its velocity, and the kinetic energy 
of the added material is the desired infinitesimal increment dW. 


Therefore: 
dW = rDtor>-dr (1) 


W and r being the only variables. Therefore, by integration 
we get: 
W = irDtw’r* + a constant (2) 


But W must evidently be zero when r is zero. Therefore the 
constant of integration must be equal to zero, so that equation 


(2) becomes 
W = <7Dtw*r* (3) 


Now zrtD is equal to the mass m of the disk in pounds so that 
equation (3) becomes: 
W = {mr (4) 


But according to Art. 80 the kinetic energy of any rotating body 
can be expressed as 4Kw?, where K is the moment of inertia 
of the body. Therefore we have 


W = itemr? = 4Ko? (5) 
from which we have: 
K = $mr (6) 


That is, the moment of inertia of a circular saw about its axis 
of spin is equal to one half the mass of the saw in pounds multi- 
plied by the square of the radius of the saw. 


Remark. The thickness ¢ in the above discussion may be 
anything whatever. Therefore equation (6) expresses the mo- 
ment of inertia of a circular cylinder of any length rotating about 
its axis of figure. 
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84. Moment of inertia of a rectangular bar. To determine 
the moment of inertia of the rectangular bar shown in Fig. 75 
the general equation (6) of 
Art. 81 will be used. Figure hae 
76 represents a top view of ee iton 
the bar, O being the axis of 
rotation. Consider the ele- 
ment of the barwhich is rep- 
resented by the small black 
square in Fig. 76. This ele- 
ment is understood to ex- Fig. 75. 
tend entirely through the 
bar parallel to the axis O (at right angles to the plane of the 
paper in Fig. 76). Therefore the volume of the element is 
t-dx-dy anditsmassis tD-.dx-dy. The distance of the element 


from the axis is r = Vz? + y?, so that 


p= ety 
Therefore the general equation (6) of Art. 81 becomes: 
K =tDf f(@ + y)-de-dy (1) 


in which the double integral sign is used because two integrations, 
one with respect to x and one with respect to y are necessary, 
as explained in the note to problem 16 on page 132. 

If weintegrate with respect to y (treating « and dz as con- 
stants) between the limits 
y= -5 to y= +5we 
get the moment of in- 
ertia with respect to the 
axis O of the thin slab be- 
tween the dotted lines in 
Fig. 76. Wemay then inte- 


’ ee l 
grate with respect to « between the limits 7 = -5 to £=-+ 3 
11 
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and we get the desired expression for K, namely: 


= PE + w! @) 


But Dtwl is the mass m of the bar in pounds, so that equation 
(2) becomes: 


rex AG ein (3) 


Remark. The same final result is obtained if we integrate 
first with respect to x (treating y and dy as constants), and 
then with respect to y. What is the meaning of the result of 
the first integration in this case? 


85. Torque required to increase the spin-velocity of a body. 
The velocity of a particle in a rotating wheel is v = rw, according 
to equation (3) of Art. 80. Therefore when w increases, v 
increases r times as fast as w. That is: 


rey (1) 


This ss is the acceleration of the particle in the direction at 


right angles to r*, and 
en (- foe -dm) 


is the sidewise force (at right angles to r) which must act on the 
particle to produce the sidewise acceleration. The torque action 
of this sidewise force about the axis of rotation is: 


dw 
ja ye a Dan 
or 
do 


* We are not here concerned with the radial acceleration of the particle 
which is discussed in Art. 50. 
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so that the total torque action required to increase the spin 


velocity of the body at the rate @ is: 
_ dw 


Lees, 


r?-dm (3) 
The integral is of course understood to be extended over the 
whole body and it is equal to the moment of inertia of the body 
according to equation (6) of Art. 81. Therefore equation (3) 


may be written 


dw 
T. ie (4) 


ae of a body multiplied by the 
moment of inertia of the body is equal to the torque which must 
be exerted on the body to produce the spin acceleration. 


That is, the spin acceleration 


86. Moments of inertia about par- 
allel axes. Let K be the moment 
of inertia of a body about an axis 
(perpendicular to the plane of the 
paper in Fig. 77) which passes through 
the center of gravity O of the body, 
and let K’ be the moment of inertia 
of the body about an axis P (perpendicular to the plane of the 
paper) which is at a distance a from O. Then 


Kk’ =K+¢M (1) 


where M is the total mass of the body in grams or pounds as the 
case may be. 


Proof. From the triangle in Fig. 77 we have: 
g? = a? + r* + 2ar cos 6 


or 
g@ = a+ r+ 2axr (2) 


where x is the abscissa of the element of material dm referred 
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to the center of gravity O as an origin. Now according to 
equation (6) of Art. 81 we have 
K' = { ¢-dm (3) 


Therefore, using the value of g from equation (2), we have: 
K’ = fa-dm + fre-dm + f2ax-dm 
K' = a2 {dm + fr-dm + 2a fx-dm (4) 


But f dm = the total mass M of the body, ip r-dm is the 


moment of inertia K referred to the axis O, and i xz-dm is 
zero according to equation (5) of Art. 74, because the center of 
gravity O in Fig. 77 is taken as the origin. Therefore equation 
(4) becomes: 


or 


K'=@M+K (1) 


87. Moment of section of a beam. Consider equation (2) of 


Art. 72, namely: 
ar =O at dx (1) 


The product 2b-dx is the area of the shaded strips in Fig. 59, and 
x is the distance of this area from the axis OO. Let us use dA 
for 2b-dz, then equation (1) becomes: 


dT = Aa iA (2) 
so that 
E 
T= Rada (3) 
The integral f z+ dA is called the moment of section of the beam; 
and according to equation (3) the torque J’ which bends any 


beam is equal to a, where E is the stretch modulus of the 


material of the beam, F is the radius of curvature of the median 


line of the beam, and S ( = i x - dA) is the moment of section of 
the beam. 
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The integral ik x*-dA is similar in form to the integral f r?-dm 
in equation (6) of Art. 81, and because of this similarity engineers 
call {| ‘x2- dA the “moment of inertia” of the section of the beam. 
The term moment of section is however the correct term. 


PROBLEMS. 


1. Find the moment of inertia of a circular saw six feet in 
diameter and of which the mass is 125 pounds. Ans. 562.5 lb.-ft.? 

2. Find the amount of energy in foot-pounds stored in the 
saw of problem 1 at a speed of 600 revolutions per minute. Ans. 
34482 foot-pounds. 

Note. In the formula W = 4Kza*, K is expressed in pound-feet-squared, 
@ is expressed in radians per second, and W is expressed in foot-poundals 
(not in foot-pounds). There are 32.2 foot-poundals in one foot-pound. 

3. Find the moment of inertia of a cylinder 2 feet in diameter 
and 3 feet long with respect to its axis, the density of the material 
being 420 pounds per cubic foot. Ans. 1980 lb.-ft.? 

4, Find the moment of inertia of a hollow-cylinder, the external 
dimensions being the same as in problem 3, inside diameter being 
1 foot, the axis of revolution being the axis of the cylinder, and 
the density of the material being 420 pounds per cubic foot. 
Ans. 1114 lb.-ft.? 

5. Find the moment of inertia of y-axis 
the rectangular bar in Figs. 75 and 
76. The bar is 5 feet long, 1 foot 
wide and 0.5 foot thick and it has 
a mass of 1000 pounds. Ans. 
2167 lb.-ft.? 

6. Find the moment of inertia of 
the bar in problem 5 when the axis 
of rotation coincides with the edge 
iim Hig: 75. Ans. 8667 lb.-ft.? 

7. Find the moment of inertia 
of a very thin circular disk when 
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the axis of rotation is a diameter of the disk; the mass of the disk 
being 120 pounds and its diameter being 6 feet. Ans. 270 lb.-ft.? 
Note. Let the circle in Fig. p7 represent the disk. Take the narrow 
vertical black strip as dm. Then dm = k X 2y-dx where k is pounds per 
square foot of disk area. 
8. Find the moment of inertia of the thin circular disk with 
respect to the axis O as shown in Fig. p8, the density of the 


front view edgewise view, 
Fig. 78. 


material being D. Ans. K = «R2D (+ i 2) de. 


Note. The mass of the narrow strip in Fig. p8 is 
2DVR? — y?-dx-dy = dm 
and the distance of the strip from the axis is 
V+ye=r 


Of course z and dz are constants in this problem. 


[axis of ‘ i ot hoop 3 feet . 
; Mis Peet in diameter 


bs inch 


et ee ee ee 


Fig. 79. Fig. p10. 
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9. Find the moment of inertia of the solid cylinder shown in 
Fig. p9; the density of the material being 0.28 pound per cubic 
inch. Ans. 1833 lb.-ft.2 


Note. The method of formulating this problem is suggested by problem 8. 


10. A slender circular ring or hoop has a mass of 10 pounds 
and it is 3 feet in diameter. (a) Find its moment of inertia 
about the axis C (perpendicular to the plane of the paper in Fig. 
p10), and (6) find its moment of inertia about the axis ab. 
Ans. (a) 22.5 Ib.-ft.2 (6) 11.25 
lb.-ft.2 jaxis of revolution 

11. Find the moment of in- 
ertia of a solid steel sphere 10 
inches in diameter, the axis of 
revolution being a diameter of 
the sphere. The density of steel 
is 0.28 pound per cubic inch. 
Ans. 22.4 lb.-ft.? 


Note. Let the circle in Fig. p11 
represent the sphere. Take for dm 
a thin cylindrical shell of radius r and 
thickness dr. 


Fig. p11. 


12. Find the moment of inertia of a steel governor ball, 4 
inches in diameter, with respect to the axis of revolution of the 
governor, the center of the ball being 6 inches from the axis. 
Ans. 2.45 lb.-ft.? 


TABLE OF MOMENTS OF INERTIA. 


Axis through center of mass in each case. 
m = mass of body in grams or pounds. 
K = moment of inertia. 


1. Thin straight bar of length 1 and having uniform section, 
axis at right angles to bar. = z,l?m. 

2. Rectangular parallelopiped, axis parallel to one edge, a 
and b being lengths of other edges. K = 7z(a? + b?)m 
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3. Cylinder or disk of radius r, referred to axis of cylinder. 
Ko= 42m. 
Referred to axis at right angles to axis of cylinder 


where 1 is the length of the cylinder. 

4. Hollow cylinder of radii R and r, referred to axis of cylinder. 
K = $(R? + 7?)m. 

5. Sphere of radius r referred to a diameter. K = 2r2m. 


Note. If the axis of rotation does not pass through the center of mass, use 
equation (1) of Art. 86. 


CHAPTER VI. 
EXPANSIONS IN SERIES. USE OF COMPLEX QUANTITY. 


88. Maclaurin’s theorem.—Let y be any function whatever 
of «x which is finite and continuous and of which all of the 
derivatives with respect to 2 are finite and continuous. Then: 


Y= A+Br+5CC+2Ds4 CExtpe (1) 


E é 
where A, B,C, D, etc., are constants as follows: 


A isthe valueof y when x =0 


B is the value of ou when x =0 
: d’y 

C’ is the value of Tx when x =0 
: dy 

D is the value of dt when x =O 
é d*y 

Eis the value of ee when x = 0 

Cue, etc. 


Equation (1) expresses what is known as Maclaurin’s theorem. 


Proof.—Let the curve cc in Fig. 78 represent the given 
function. ‘Then the value of y which is to be expressed by 
equation (1) is the ordinate of the point p. To establish equa- 
tion (1) we will make a series of approximations and consider 
the limit towards which this series of approximations trends, 
as follows: 

First approximation.—To get a first approximation let us 


assume that a is equal to the constant B (the value of es 


153 
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when xz = 0) everywhere between the points p and gq in Fig. 
78. That is by assumption we have: 


dy _ 2 
ee (2) 


Integrating this differential equation we have: 


y = Br + a constant 


but y = A when a = 0, so that the constant of integration is 


evidently equal to A. Therefore as a first approximation we 
have: 


y=-A+Bx (3)* 


It is interesting to note that to assume ou = B_ everywhere is 


the same thing as to take the inclined dotted line in Fig. 78 as 
an approximation to the curve cc; and the ordinate of this 
inclined straight line is A + Bz. 


* Figure 79 shows a curve pq for which ou = B_ everywhere, but the 


ordinate of p is not equal to A + Bz because of the discontinuity or jump 
at d. Thefunction y and all of its derivatives must be finite and continuous 
everywhere between p and q, as stated at the beginning. Any discontinuity 
outside of the region between p and gq does not vitiate equation (1) for the 
region between p and g. ° 
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Second approximation.—To get a second approximation let 
ay 


us assume that a is equal to the constant C (the value of 


a? 
a when 2 = 0) everywhere between p and q in Fig. 78. 
That is, by assumption, we have: 


Py _ 
dz? G (4) 
Integrating once we have: 
dy _ 
ae Cx + a constant 
But ou = B when x =0, so that the constant of integration 
is equal to B, giving: 
dy _ 
Anas B+ Cz (5) 


Integrating again we have: 
y = Bet ; Cz? + a constant 


But y =A when x =0, so that the constant of integration 
is equal to A, giving as a second approximation: 


y= A+ Bx +5Cx? (6) 

Third approximation.—To get a third approximation let us 

3. 3, 

assume that ay is equal to the constant D (the value of oe 


when x = 0) everywhere between p and q in Fig. 78. That is, 
by assumption, we have: 
ay _ 


ne Z (7) 


By three successive integrations (the constant of each integra- 
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tion being determined as above) we get, as a third approximation: 


y=A+Br +3 Cr +GDx (8) 
nth approximation—To get an nth approximation let us 
n d™ 
assume that cy is equal to the constant N (the value of om 
when x = 0) everywhere between p and q in Fig.78. That is, 
by assumption, we have: 


dx” = N (9) 


By 7 successive integrations this differential equation gives, 

as the nth approximation: 
1 

y= A+ Bx 4508+ GDe +... + Ne (10) 

To show that the nth approximation approaches the true value of 

y asalimit as n approaches infinity. In the first place it is 

evident that equation (10) gives equation (1) when n is in- 

creased more and more, but it remains to be shown that y in 


equation (10) approaches the correct value of y asa limit as n 
is increased. 


The nth derivative oy is assumed to be everywhere finite 


and it must have therefore a definite largest value V anda 
definite smallest value v between p and gq. If the largest value 
V is used instead of N in equation (10) we get too large a value, 
a, for y. Ifthe smallest value v is used instead of N in equa- 
tion (10) we get too small a value, 6, for y.* That is: 


a= A+ Be +5 Crt +++ 7. Van (11) 


* This statement happens to be plausible and therefore the reader is apt 
to accept it as true without actually perceiving its truth, which is indeed 
evident if one takes the trouble to think about it. 
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and 
a va” (12) 


re 


and the true value of y lies between a and 6. But, subtracting 
equation (12) from equation (11) member by member we get: 


b=A+Bar+5 Cat ++ 


apa 2s (13) 


and this difference approaches zero as mn approaches infinity, 
because when n is increased by 1 the numerator is multiplied 
by the finite quantity 2x, whereas the denominator is multiplied 
by the quantity »-+ 1, which becomes as large as you please. 
It is evident therefore that the value of a as given by equation 
(11) becomes more and more nearly equal to the value of b 
as given by equation (12). But the true value of y lies between 
a and b. Therefore equations (11) and (12) both approach the 
true value of y asalimit as m is increased; and equations (11) 
and (12) reduce to equation (1) when 7 is indefinitely great. 


Taylor’s series.—Heretofore any algebraic expression contain- 
ing «x has been spoken of as a function of x. Thus cr+e is 
a function of z,c and e being costants. Also such expressions 
as e@*», sin(a + h), tan(x + h) are functions of x. If, however, 
x isaconstant and A a variable we would think of these expres- 
sions as functions of h. 

Let y be any function whatever of (y%+h), let x bea 
constant and A a variable, and let it be understood that y and 
all of its derivatives are finite and continuous. Then y may 
be expanded by Maclaurin’s theorem, giving: 


Madty fanchouor(e-} h)t= A + Bh + Bor Ne Dh eet tdy 
where A, B, C, D, etc., are constants, as follows: 


A isthe valueof y when h=0 
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B is the value of ou when h=0 


ay 
C is the value of oe when h = 0 
etc., etc. 
Equation (14) is sometimes called Taylor’s series, but it is 


identical to Maclaurin’s series and to give it a separate name is 
to create a false distinction. 


89. Examples. (a) Expansion of e*7.—The successive deriva- 
tives of e? are as follows: 


y = e* which is equal to 1 when xz = 0 


au = e* which is equal to 1 when x = 0 
dy oe, 
Fa os e* which is equal to 1 when x = 0 


etc., etc. 
Therefore A = B=C=D-=etc.=1, and equation (1) of 
Art. 88 gives: 


e=1+at+ git pe t yet + ete (1) 


(b) Expansion of sin x.—The successive derivatives of sinz 
are as follows: 


y = sina which is equal to 0 when xz = 0 


ou = cosxz which is equal to 1 when x = 0 
d’y : ate 

da? = Sin & which is equal to 0 when x = 0 
dy ie 

dat = 08% which is equal to —1 when xz = 0 
d‘y ; tee 

dai = Sine which is equal to 0 when z = 0 


and so on in endless repetition. 
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Therefore 4 = 0,B=1,C=0,D=-—1, F=0, ete., and 
equation (1) of Art. 88 gives: 
: cc oe ee — 
sing = 2 — + — + — ete. (2) 
5 as a 


(c) Expansion of cos x.—The successive derivatives of cos x 
are as follows: 


y = cosx which is equal to 1 when z= 0 


ou =-—sin z which is equal to 0 when x =0 
d?y Ai 

Gt = COS which is equal to —1 when xz = 0 
dy : porte: 

dq = Sine which is equal to O when x = 0 
dy eee: 

det = CO8% which is equal to 1 when x = 0 


and so on in endless repetition. 
Therefore A=1, B=0, C= —-1, D=0, E = 1, etc., and 
equation (1) of Art. 88 gives: 


x? at 


a x8 | 
Sewer Oe (3) 


cosx =1-—- 


90. Maclaurin’s theorem applied to a function of two inde- 
pendent variables.—If wu is a function of x and y which is 
itself finite and continuous, and if all of its derivatives (partial 
derivatives) are finite and continuous, then: 


u=A 
+ Bat By 


ae 5 (Cast? 5 2C ryxy ss Cyyy") 


+ jg Dent? + 38Dezyx?y + 8Dayyty? + Dyyyy’) (1) 


etc. etc. ete. 


160 CALCULUS. 


Where A_ is the value of wu when x and y are both zero. 


B, is the value of ge when x and y are both zero. 


dix 
Byois the value of i when x and y are both zero. 
2. 
C,, is the value of - when x and y are both zero. 
fe oh d both 
Cay eee dade S Gre: dz When « and y arebo 
zero. 
; du 
Cy, 1s the value of dy? when «x and y are both zero. 
etc. etc. etc. 


The proof of Maclaurin’s theorem as applied to a function of two or more 
variables is essentially identical to the proof of the theorem as applied to a 
function of one variable. To enable one to appreciate the modified character 
of argument and especially as an interesting example of partial integration, 
let us consider what we may call the second approximation, that is the expres- 
sion we get for u on the assumption that the respective second derivatives 
are everywhere constant and equal to Cz, Cz, and Cy, (their respective 
values when z = 0 and y = 0) as follows: 


au 

dz? = Cre (2) 
au 
dxdy = Or (3) 
ad? 

ae Sk (4) 


Integrating equation (2) with respect to x and equation (3) with respect to y 
we have 


e = Crr,r + any function of y (5) 
and 

du 

dg = Czvy + any function of « (6) 


du . 
Now isequalto B, when x and y are both equal to zero. Therefore 


the constant term in “any function of y’’ in (5) is equal to B,, and the constant 
term in ‘any function of x” in (6) is equal to B,. Therefore, using the 
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expression “vanishing function of y’’ for a function of y which is equal to 
zero when y = 0, equations (5) and (6) become: 


=e = Cz.x + (a vanishing function of y) + B,; (7) 
and 
= = Czyy + (a vanishing function of x) + B, (8) 


But these two expressions must be identical, consequently the “vanishing 
function of y” in (7) must be C,,y and the “vanishing function of 2” in 


(8) must be C,;%. Therefore both of these equations reduce to 


du 


ie = Cre + OR + B; (9) 


In a similar manner we may integrate equation (4) with respect to y 
and equation (3) with respect to x, and get the equation: 


d 
a = Cyyy + Cryz + B, (10) 
y 
Now equations (9) and (10) may be integrated, giving: 
u = 4Cz24® + Cryxy + B.x + any function of y (11) 
and 
u = 4C,y? + Cryzy + Byy + any function of x (12) 


But wu = A when z and y are both equal to zero, therefore “any function of 
y”? in (11) must be (‘‘a vanishing function of y’”’) + A, and likewise, “any 
function of x” in (12) must be (‘a vanishing function of x’) + A. Further- 
more, equations (11) and (12) must be identical so that the “vanishing func- 
tion of y’’ in (11) must be 4C,,y? + Byy, and the “vanishing function of 
xz’? in (12) must be 140,22? + B,z. Therefore equations (11) and (12) both 
reduce to: 
uU=A 
+ B.2w+ By 
+ £(Crox® + 2Cryxy + Cyyy’) (13) 


which is the approximate value of wu as derived from equations (2), (3) and (4), 
PROBLEMS. 
1. Expand log(1+2) by Maclaurin’s theorem. Ans. 


oe Se 
toil OME ae tees armel ame 


12 
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Note.—The function logz and all of its derivatives become infinite for 
x = 0, and therefore log z cannot be expanded in powers of 2. 

2. Using the answer to problem 1 make an attempt to calculate 
the logarithm of 0 by placing « = — 1 and adding together a 
number of terms of the series. 

Note.—The series obtained by Maclaurin’s theorem for log (1 + x) cannot 


be used for values of x which lead up to or beyond a point where log (1 + 2) 
or any of its derivatives become discontinuous or infinite. 


3. Expand cos(2-+h) in a series of ascending powers of h. 
Ans. 


: h2 
cos (x + h) = cosx — hsin x — A aes ee 
2 B 
4. Expand y = tanz by Maclaurin’s theorem. Ans. 
tanz = 2 Pe + et. 


Note.—When x = 5 the given function and its derivatives become infinite. 
Therefore the series found in answer to this problem does not give the value of 


tan x for values of x equal to or greater than s 
91. Demoivre’s Theorem.—An important algebraic identity, 
which was discovered by Demoivre, is expressed by the equation: 


e” = cosx+jsinz (1) 


where e is the Napierian base and 7 = ¥— 1.* This relation 
is known as Demoivre’s theorem, and it is very useful in certain 
transformations for purposes of integration, and it is also useful 
in the theory of alternating currents. 

To establish equation (1) write jx for x in equation (1) of 
Art. 89, remembering that 7? = —1, # = —j, #4 = +1, ete, 
and we have: 

es Oe : a gd 7 
ez =] — Dusit ete. + j (« - ato irt ete.) (2) 

* It is customary in the theory of alternating currents to use 7 for electric 

current, and j is used for VY — 1. 


EXPANSIONS IN SERIES. 163 


But the real terms in this series give a series identical to equation 
(3) of Art. 89, and the imaginary terms give a series identical to 
equation (2) of Art. 89. Therefore from equation (2) we get 
e? = cost + jsinz. 


Definition of complex quantity. Geometric representation of 
complex quantity.—Any expression like a+6~¥—1, which is 
part real and part imaginary is called a complex quantity. Thus 
the right-hand member of equation (1) is a complex quantity; 
and of course e” is a complex 
quantity because equation (1) 
shows that e is part real (cos 2) 
and part imaginary (j sin 2). 

The accepted method of rep- 
resenting a complex quantity geo- 
metrically is shown in Fig. 80. Fig. 80. 
Thevector £ is the complex quan- 
tity, its z-component is thought of as a real quantity a, 
its y-component is thought of as the imaginary quantity jb, 
and the vector is the sum of its two components. That is 


E =a + jo* 


* This algebraic expression of a vector as a complex quantity is one aspect 
of the important use of complex quantity in the theory of alternating currents. 
See Franklin and Esty’s Elements of Electrical Engineering, Vol. I1, Chapter V; 
The Macmillan Co., New York, 1908. 

Another aspect of the use of complex quantity in the theory of alternating 
currents is exhibited in Chapter VII of this treatise where the fundamental 
differential equations of alternating currents are integrated with the help of 
transformations involving the use of complex quantity. 

The practical use of complex quantity in alternating-current theory is due 
chiefly to C. P. Steinmetz; but the use of complex quantity in the solution of 
linear differential equations as explained in Chapter VII contains everything 
that is now known of the use of complex quantity in alternating-current 
theory in a manner which is self-evident, and the use of complex quantity as 
exemplified in Chapter VII is much older than electrical engineering. 
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92. Euler’s expressions for sin x and cos x.—Many differential 
expressions can be reduced to simple recognizable forms for 
purposes of integration with the help of Demoivre’s theorem, 
and it is in some cases convenient to modify equation (1) of 
Art. 91 so as to express sinz and cos in terms of exponentials 
Such expressions are due to Euler and they are: 


elt — e1 


sn zt = ie (1) 
and 
cos % = oe (2) 


The use of these equations is exemplified below. They are 
derived as follows: From Demoivre’s theorem we have: 


e* = cosx + 7sing (3) 
Write — zx for 2 in this expression, remembering that 
cos(— x) = cos2z 
and that 
sin(— 2) = — sina 
and we have: 
e7* = cosz — jsinzg (4) 


Subtracting equation (3) from equation (4) member from member 
we get equation (1), and adding equations (8) and (4) member 
to member we get equation (2). 


93. Example showing use of Euler’s equations.—Consider the 
function: 
Zz = sin mx cos nx (1) 


To find the average value of this function between 2 = 0 and 
x = 2mn it is necessary to integrate z-dx between the limits 
x = 0 and x = 27 as explained in Art. 73. Now the function 
given in equation (1) is a function whose average value is of 
fundamental importance in connection with Fourier’s theorem 
(see Chapter VIII) and therefore it is important to be able to 
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reduce the differential expression sin mz cos nz-dz to a combina- 
tion of fundamental forms which can be found in Class A of the 
table of integrals in appendix B. This reduction may be easily 
made with the help of Euler’s equations as follows: 

It is required to integrate the differential equation: 


dy = sin mz cos nx-dx (2) 


Writing mx for x in Euler’s expression for sinz we get an 
expression for sin mz, and writing na for x in Euler’s expression 
for cosx we get an expression for cosnz. Substituting these 
expressions for sin mz and cos nz in equation (2), we get: 


dy os peda 7 Boe de 


1 : i ; 
a = 9) (Mn) ao), pa i) or, 
ie dx ai dz (3) 


Each term in the second member of this equation is of the form 
ae’*-dx of which the integral (ignoring constant of integration) 
is : -¢e*, Thus, in case of the first term a = re and 

b = j(m + n) 
so that the integral of the first term is 


1 
~ 4(m + n) 


Proceeding in a similar manner with each term and arranging 
the result systematically we get: 


ei (mtn) 


y= Say [e~imtn) x = ej (mtn) x] 
1 


—j(m—n)x __ pji(m—n)x 4 


ot 


And this expression can be easily reduced to form 24 in the 
table of integrals by using Euler’s equations. 
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PROBLEMS. 


1. Reduce dy = sin'x-dzx to a combination of standard 
forms as given in the table of integrals. Ans. 


dy = eo — ef? + 3eit — 377”) -dx 


2. Reduce dy=cos'z-dz toacombination of standard forms. 
Ans. 
dy = ps(e + e* + 4e + 4e + 6)-dzx 


94. Hyperbolic sines and cosines.*—In the solution of the 
differential equation of the alternating-current transmission linet 
the expressions (e*? — e*) and (e? +e“) occur, and trans- 
mission line calculations are facilitated by the use of tables giving 
the values of (e* — e~*) and (e* + e-*) for various values of 2, 
and of course the discussion of such calculations is simplified 
by having names for (e* — e*) and (e*-+ e*). Indeed the 


expressions —— and ats are related to the equilateral 
j2 —. pz 

hyperbola in the same way that ——4 5 (= sinz) and 

eit + eit . 

Sas es x) are related to the circle. Therefore these 


expressions are called the hyperbolic sine of 2x (sinh x) and the 


* Tables giving values of a,b,c and d in the expressions 


cosh(« + jy) =a+ jb 
and 


sinh(x + jy) =¢ + jd 


for various values of 2 and y are published in a supplement to the General 
Electric Review for May, 1910. 

} The simplest discussion of this subject is that which is given in Franklin’s 
Electric Waves, pages 141-153, The Macmillan Co., New York, 1909. This 
discussion is essentially complete, although no mention is made of hyperbolic 
sines and cosines. 
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hyperbolic cosine of x (cosh x) respectively. That is: 


sinh ¢ = “— (1) 
and 
cosh x = a (2) 
PROBLEMS. 


1. Differentiate y = sinh z. 
2. Differentiate y = cosh z. 
3. Integrate dy = sinh x-dz. 
4. Integrate dy = cosh x-dz. 


For answers see forms 29 and 30 of table of integrals in 
Appendix B. 


CHAPTER VII. 
SOME ORDINARY DIFFERENTIAL EQUATIONS. 


05. Degree and order of a differential equation.—The simple 
equation az+b=0 is said to be linear with respect to 2 
because it contains no power of 2 higher than the first power. 
A differential equation of the form: 


yt ae ¥4 pe 3+C=0 (1) 


is called a first degree or linear differential equation because it 


. a 
contains no products of y, oy and a and no powers of y, a, 


etc., higher than the first. The coefficients A,B and C ina 
linear differential equation may contain the independent vari- 
able x, but we shall confine our attention in this chapter 
chiefly to linear differential equations with constant coefficients. 

If the first derivative,* only, appears in a differential equation, 
the differential equation is said to be of the first order. If the 
second derivative occurs (with or without the first derivative) 
the differential equation is said to be of the second order; and 
so on. 


96. Ordinary and partial differential equations.—A differential 
equation expressing the law of growth of a function of one inde- 
pendent variable is called an ordinary differential equation. 
Many examples of ordinary differential equations are given in 
Chapters I and V. See Art. 24 in particular. 

* The terms degree and order apply to partial differential equations as well 
as to ordinary differential equations. A function of two variables, however, 
has two first derivatives, three second derivatives, and so on as explained in 
Art. 59. Therefore it is somewhat misleading to speak of the first derivative, 
or the second derivative in explaining what is meant by a differential equation 
of the first or second order. 
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A differential equation which expresses the law of growth of a 
function of two or more independent variables is called a partial 
differential equation. Some examples of partial differential equa- 
tions are given in Chapter V. See Arts. 60 and 90 in particular. 

This chapter is devoted to the discussion of a few important 
ordinary differential equations, and several important partial 
differential equations are discussed in Chapters VIII and IX. 


97. Pure and mixed differential equations.*—A pure differ- 
ential equation contains but one derivative (the first or any 
higher derivative) and does not contain the dependent variable y. 
Thus dy = 62z-dz, ou sin x, a = log are pure differential 
equations. 

A mixed differential equation contains more than one derivative, 
or it contains one or more derivatives and the dependent variable 


y. Thus 
dy _ dy_o,» ply dy 
dx 4 Dee es ata ae ae 


are mixed differential equations. 


Solution of pure differential equations.—A pure differential 
equation can be integrated by looking up the appropriate form in 
the table of integrals. This is exemplified by every problem in 
integration heretofore given in this treatise. In the case of a 
pure differential equation of the second or third order, successive 
integrations are of course necessary. For example, consider the 
third order pure differential equation: 


ay = 2 1 

da? = ax ( ) 
Let q represent ou >», then equation (1) becomes: 

LS ae 2 

ie aed (2) 


* This and the following articles refer primarily to ordinary differential 
equations. 
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This equation can be integrated, giving: 


= © = har? + C (3) 
Let p represent ow then equation (3) becomes: 
oP — Yas? + 0 (4) 
This equation can be integrated, giving: 
p= oY = yyast + Cx + D (5) 


This equation can be integrated, giving 
y = gyax’ + 9C2? + Dr +E (6) 


Solution of mixed differential equations. Separation of 
variables.—The linear differential equation (1) of Art. 95 is of 
course a mixed equation, and the general solution of this equation 
with constant coefficients is given in a subsequent article. We 
will here consider one or two examples of a simple transformation, 
called the separation of variables, which can sometimes be used 
to bring a mixed differential equation into a form which can be 
integrated by looking up appropriate forms in the table of 
integrals. 

As a first example consider: 


dy _ 42 
de "4 (7) 
This equation reduces to: 
dy 
Se eet gd 
pw de (8) 


and this equation can be integrated with the help of forms 1 and 
2 of the table of integrals, giving 


logy = 30° + C (9) 
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As a second example consider 


ay _ ody 
Let p represent ou and this equation becomes 
dp _ 4» 


and the integral of this equation, according to equation (9), is: 
log p = 42° +C 


— dy — p3e8+C 
es dz me’ (13) 
This is a pure differential equation and its integral can be found 
by looking up the appropriate forms in the table of integrals. 


or 


PROBLEMS. 
Solve the following differential equations: 


tbe o SY 2, Ans. y = loga + Cz? + Dz + E. 
d’y 
Bes Fp oe ger. Ans. y = (« — 2)e?+C2e4+ D. 
Se oe = 27sin'z. Ans. y = 21 cosz— cos? 2 +C2?+De+H#. 


i =o 


4.1—-yt+2)% = 0. Ans. log 5 


ite Oy = ao! 


5 an Ans. C(1 — 2y) =e *. 
6. siny-dr + xcosy-dy = 0. Ans. zsiny = C. 
7. snzcosy-dz—coszsiny:-dy=0. Ans. cosy = C cose. 
8. (y+ ay)dz + (x — zy)dy = 0. Ans. logry=C—a+y. 
9. V1 —y-de+ V1 —2?-dy=0. Ans. sinz+ siny=C. 
10 ieee ies =0. Ans. Clogz=y+D. 
* dat ' x dx j ; 
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. 


Mi hes oy 4 (2) +1=0. Ans. y = log cos (« — C) + D: 


125, (1 $a to + an = 0. 
Ans. y = D—ax+Clog[z + v1 + 2’). 
98. The general solution and particular solutions of a differ- 
ential equation.—The general solution of a differential equation 
is an expression for y (the dependent variable) in terms of x 
(the independent variable) which includes every possible* func- 
tion which satisfies the differential equation. Thus equation (6) 
of Art. 97 is the general solution of equation (1) of that article. 
Concerning the three constants of integration it is evident that 
E isthe value of y when x = 0. Also it is evident from equa- 


tion (5) of Art. 97 that D is the value of a when xz = 0, and 


it is evident from equation (3) that C is the value of pe when 
x= 0. 

The general solution of a differential equation of the nth order 
contains » undetermined constants of integration. 

When one or more of the constants of integration in the general 
solution of a differential equation have particular values assigned 
to them we have what is called a particular solution of the 
differential equation. For example, let C = 2, let D=0O and 
let 4 = 0 in equation (6) of Art. 97, then the equation becomes 


y= a + x? which is a particular solution of equation (1) of 


99. Discussion of the first order linear differential equation 
with constant coefficients.—Consider the differential equation: 


y+ A a5 oa (1) 
* This statement is subject to some qualification because of what is called 


the singular solution. See Johnson’s Ordinary and Partial Differential Equa- 
tions, page 43, John Wiley & Sons, New York, 1890. 
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The most obvious method for solving this differential equation 
is to “separate the variables” as explained in Art. 97. Thus 
equation (1) is easily reduced to: 


AY = — de (2) 


and this equation can be integrated by looking up appropriate 
forms in the table of integrals, giving: 


Alogy=—2x+0C (3) 


It is desirable, however, to solve equation (1) by the following 
method because the method applies to a linear differential equa- 
tion of any order when the coefficients are constants. 


Let 
y = Ce** (4) 


where C and & are constants, and e is the Napierian base. 


Then: 
dy 


eo ka 
ie kCe (5) 
Substituting the values of y and av from (4) and (5) in equation 
(1), we have: 
Cet + AkCe™* = 0 (6) 
whence by cancellation we have: 
1+ Ak=0 
or 
1 
er (7) 


1 : 
Therefore if k in equation (4) has the value — | then equation 
(4) satisfies equation (1); that is, equation (4) is a solution of 


(1) if & = — 7; indeed equation (4) is the general solution of 
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(1) because it contains one undetermined constant C, the 
constant of integration. 


100. The principle of superposition.—A principle of extremely 
wide application in physics is the so-called principle of super-post- 
tion. From the physical point 
of view ageneral statement of 
this principle is scarcely possi- 
ble and therefore the following 
examples must suffice: (a) A 
person at A (Fig. 81) can see 
window No. 1 and another per- 

B A son at B can see window No. 2 
Fig. 81. at the same time. This means 
that two beams of light a and b 
can travel through the same region at the same time and not 
get tangled up together as it were, each beam behaving as if it 
were traveling through the region alone. (b) Two sounds can 
travel through the same body of air simultaneously, each sound 
behaving as if it were traveling through the body of air alone. 
(c) Two systems of water waves can travel over the same part 
of a pond simultaneously, each system behaving as if the other 
were not present. (d) Two messages* can travel over a tele- 
graph wire at the same time and not get mixed up. (e) Two 
forces F and G exerted simultaneously upon an elastic structure 
produce an effect which is the sum of the effects which would be 
produced by the forces separately, provided the sum of the forces 
does not exceed the elastic limit of the structure; therefore each 
force may be thought of as producing the same effect that it 
would produce if it were acting alone 
All of the effects in physics which are superposable—and this 


window No. 1 window No. 2 


*Indeed any number of messages can travel over a telegraph wire in 
either direction or in both directions simultaneously. The only limiting 
feature in multiplex telegraphy, when line-loss is negligible, is in the design of 
the sending and receiving apparatus; and the same is true in wireless teleg- 
raphy. In each of the above examples the word two means two or more. 


ORDINARY DIFFERENTIAL EQUATIONS. 175 


includes the greater part of the effects in mechanics, heat, 
electricity and magnetism, light and sound, and a great many 
effects in chemistry—are expressible in terms of linear differential 
equations with constant coefficients, and the principle of super- 
position may be thought of as a property of such a differential 
equation as follows. If y is a function of x which satisfies a 
linear differential equation with constant coefficients, and if z is 
another function of x which satisfies the same differential equation, 
then (y +z) isa function of x which satisfies the equation.* 


Proof.—Let the given linear differential equation be: 
u iis Ae aa Bo fase (1) 
If afunction y satisfies this equation, then: 


yt AW 4 BY 4... =0 2) 


dx? 


If another function z satisfies equation (1), then: 


en Ae Bt ete 0 (3) 

dy +z) _ dy , dz q Yt Ak) OY te : 

peed = de) de re ese re yar Seo: 
fore, adding equations (2) and (3), we get: 

Gea Ate ee 4 peut. 0 | 


dx? 


But this is the same form as equation (1) which shows that the 
function (y + 2) satisfies (1). 

* This proposition is true for a partial linear differential equation also. 
Indeed most of the superposable effects in physics are expressible in terms of 
partial linear differential equations with constant coefficients. Examples 
are given in Chapters VIII and IX. 
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101. Discussion of the second order linear differential equa- 
tion with constant coefficients.—Consider the differential equa- 
tion: 

y os Ae Gas Bey =0 (1) 
It is not possible to “separate the variables” in this differential 
equation and therefore the second method of Art. 99 must be 
used. Therefore let: 


y = Ce (2) 
then 
dy — ka 
PP kCe (8) 
and 
a y 2 ka 
7a = WCe (4) 
er dy dy . : 
Substituting these values of y, ai and qa iB equation (1) and 
cancelling the common factor Ce**, we have: 
1+ Ak + Be = (5) 
whence 
A AS 
at et eee eee 
tsp atN Cee 6) 


Therefore using a for one of these values of k and using B for 
the other value of k, we get two solutions of (1), namely: 


0 = Ce (7) 
and 
2= Dee (8) 


But according to Art. 100 the sum (w+ 2) is also a solution. 
Therefore using y for (w+ 2), we have as a solution of (1): 


y = Ce” + Deb (9) 


and this is the general solution of (1) because it contains the two 
undetermined constants C and D. 
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102. The starting of a boat.—At a certain instant (£ = 0) a 
constant force E begins to act on a boat, and it is desired to 
find an expression for the increasing velocity 7 of the boat. 
At very low speeds the backward drag or friction of the water on 
a boat is proportional to the velocity of the boat. Let us assume 
that this proportional relation is exact, then the frictional drag 
of the water on a boat is equal to Ri, where 7 is the velocity of 
the boat and FR is a constant which depends on the shape and 
size of the boat. Therefore the net accelerating force acting on 
the boat is H — Ri. This force is equal* to the product of 
the mass LZ of the boat and the acceleration -. Therefore we 
have: 

dt ; 
La =H— ki (1) 
To get this equation into the standard form of a linear differential 
equation, let 


y=E- ki (2) 
Then 
dy _ pt 
Fas sien ria dt 
and equation (1) becomes: 
De dy 
areca e 
or 
L dy _ 
Ye iaite 0 (3) 


The general solution of this equation is given in Art. 99, but 
it is worth while to work it out anew, as follows: Let 


y = Ce* (4) 


* Tf force is expressed in poundals (or dynes), mass in pounds (or grams), and 
acceleration in feet per second per second (or centimeters per second per 


second). 
13 


178 CALCULUS. ,. 


then F 
Used kt 5 
dt kCe (5) 


Substituting these values of y and oy in equation (3) and 


cancelling out the factor Ce, we have: 


L 
1+ ee b= 0 
so that 4 
k= -F (6) 
Therefore equation (4) becomes: 
aes 
= Cer 
or, substituting H — Ri for y, we have: 
R 
E—Ri=Ce *" | 7) 


Now 7 =0 when t= 0. Therefore placing this pair of values 
in equation (7) we have: 


E=C (8) 


so that the constant of integration is determined, and equation 
(7) becomes: 


rap 
E — Ri = Ee * 
or 
EE -.4 
Rae ©) 


This equation expresses the value at each instant of the increasing 
velocity of the boat as a function of the elapsed time ¢. 


103. The stopping of a boat.—A boat is moving at velocity I | 
when the propelling force ceases to act, and it is required to find 
an expression for the decreasing velocity, 7, of the boat as it 
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gradually comes to rest. In this case the only force acting on 
the boat is the retarding force Ri, and in this case the accelera- 


tion a is negative so that: 


di . 
Ls ee (1) 
or 
eee OY 
alo aoe (2) 


The general solution of this differential equation is: 
= z aE (3) 


But i =I when t¢=0. Therefore C = J, and equation (3) 
becomes: 


R 

pseu e (4) 
Remark.—The notation used in this discussion of the starting 

and stopping of a boat is the standard notation used in electrical 

theory. This notation is used here and in the following articles 


Binet 4 ome yee Gry), 
hundredths of a second 
Fig. 82. 
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because the mechanical problems discussed in this and the 
following articles are strictly analogous to certain electrical 
problems which constitute the foundation of the theory of 
alternating currents. Thus the curve in Fig. 82 is a graphical 
representation of equation (9) of Art. 102; the ordinates of this 
curve represent the growing values of the current 7 in a circuit 


eal ifs a aaa 
Ne eal ESE 
sachs eS 

a wal 


3 4 5 6 vi 8 9 
hundredths of a second 


Fig. 83. 


of resistance R and inductance L after a battery of electro- 
motive force EH is connected to the circuit. The curve in Fig. 
83 is a graphical representation of equation (4) of Art. 103; the 
ordinates of this curve represent the decaying values of the 
current 2 when an initial current of J amperes is left to die 
away in a circuit of resistance R and inductance L. 


PROBLEMS. 
Solve the following differential equations. 
@y dy 
1; Pee tn a 2y = 0. Ans. y = Ce + De. 
dy 


23 FR 4y. Ans. y = Ce + De-, 
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a d 
Se pata = 0. Ans. y = Ce? + De®. 
ay ~ 19 Y = Cee ; 
4. 3(fa+y)= 1077 Ans. y = Ceé** + De®. 
By dy dy 
5. a3 2 Br A ad Ans. y = Ce’ + De + E. 


104. Undamped oscillations.—Figure 84 shows a weight sus- 


pended by a spring, and the weight stands in 
equilibrium in a certain position. If the weight 
happens to be q feet above or below its equilib- 
rium position an unbalanced force proportional 


to q, and therefore equal to 20 times q acts 


Cc 
upon the weight. This force is downwards when 
q is upwards, and upwards when q is down- 


wards. Therefore the force is equal to — F q. 


This force accelerates (or retards) the weight, 
and we have 


di q (1) 


where L isthe mass in pounds of the attached 
weight in Fig. 84, and . is the acceleration (it is 
a retardation when it is negative) of the attached 
weight. But the velocity 7 of the weight is the 


rate of change of its distance q from the equilibrium position. 


That is 
,-%4 
~ dt 
so that 
di _ a 
dt dt? 


* This is simply a proportionality factor. It is written in this form so a 


to conform to the standard notation of electrical theory. 
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Therefore equation (1) becomes 


Ogee a4 
a 6 
or 
L dq _ 
T+ aan 2 (4) 


The general solution of this second order linear differential equa- 
tion is given in Art. 101, but it is worth while to work out the 
solution anew as follows: 


Let 
q = Me (5) 
then 
ot = kMet (6) 
and 
2 
a = k?Met (7) 


Substituting these values of q and in equation (4) and 


dq 
dt? 
cancelling the common factor Me", we have: 


ii 
1+5-i = (8) 


It is evident that k isimaginary because L and C are positive 
quantities. Therefore let us write jw for k where j is V— 1,* 


then: - 
L 
w= 6 (°) 


* It is customary in electrical theory to use 7 for VY — 1 because the letter 
2 is used for electric current. 


so that 
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Now of course w may be either positive or negative, that is, k 
may be + jw or — jw. Therefore 

v = Merit (10) 
and 

2 = Ne-it (11) 
are two particular solutions of equation (4), where M and N 
are undetermined constants. Therefore, according to Art. 100, 
(v + z) is also a solution of (4). Consequently, writing wu for 
(v + 2), we have as a solution of (4): 


u = Metiot + Ne-iot (12) 


and this is the general solution of (4) because it contains the 
two undetermined constants M and N. 

Now from Demoivre’s theorem it is evident that w as given 
by equation (12) is complex (part real and part imaginary), and 
for the sake of generality M and N may be thought of as 
complex also. That is, for M and N we may write: 


M = M’+jM” (13) 
N = N’'+jN" (14) 


Now any complex equation is equivalent to two simple equations, 
namely the equation which expresses the equality of the real 
parts of the members of the complex equation, and the equation 
which expresses the equality of the imaginary parts of the com- 
plex equation; and this latter equation becomes real when 7 
is cancelled from its members. Thus equation (12) may be 
broken up into two simple equations each of which is a solution 
of equation (4). 

To split equation (12) up into two equations use the values 
for M and N from equations (13) and (14), and reduce et’ 
and eit by means of Demoivre’s theorem as explained in Art. 


91. We thus get: 


r+js = (M’ + jM”’)(cos owt + 7 sin ot) (15) 
+ (N’ + jN”) (cos wt — j sin at) 


and 
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where r+ js has been written for g. Separating real and 
imaginary terms in equation (15) we get: 


r = (M'’ +N’) cos wt — (M” — N”) sin of (16) 
and 

s = (M"” +N”) cos wt + (M’ — N’) sin ot (17) 
Now in either of these equations the coefficient of cos wt is any 
constant, and the coefficient of sin w is any constant. There- 
fore, q for r or s, both of these equations reduce to: 


q = Geos wt + H sin ot (18) 


which is the final general solution of equation (4), G and H 
being undetermined constants. 

In alternating current theory this equation is used in a slightly 
modified form as follows: 


Let 
G = — Qsin@ (19) 
and 
H = Q cos 0 (20) 
Then equation (18) becomes: 
q = Qsin (wt — 6) (21) 


This equation is represented by Fig. 85, in which the line Q 
rotates at angular velocity w 
radians per second, and the 
value of q at each instant is 
represented by the projection 
of Q on the fixed line ab. 
The two integration con- 
stants Q and @ are deter- 
mined by the initial condi- 
tions as follows: For example 
let the weight be started 
oscillating by pulling it up- 
wards 2 feet (q = 2 feet), 
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holding it still (3 = 0) and releasing it at the instant ¢ = 0. 


The values of Q and @ are then determined by substituting the 
values ef O and ¢ = 0 in the equation 


dt 
dq _ 
Bris wQ cos (wt — 6) 


and by substituting the values g = 2 and ¢ = 0 in equation (21). 


105. Damped oscillations.—The weight in Fig. 84 is acted 


upon by the force — 7 when it is at a distance gq above or 


below its equilibrium position as explained in Art. 104; and, 
if the weight moves up and down through a resisting fluid, the 
backward drag due to friction will be approximately proportional 


to the velocity 4 of the weight. Assuming this proportional 


relationship to be exact, the backward drag of friction may be 


written ise and since it is always opposed to the velocity 


dt’ 
dq . : dq , 
ap it must be written — R ai’ Therefore the total force acting 
on the weight is — a R a, and this force is equal to the 


product of the mass L of the weight and the acceleration “a 


of the weight. Therefore we have: 


q_ _ 4 _ py 
Lie imei de 
or 
dq ag _ 
q+ CR + LC =0 (1) 


The general solution of this equation may be found by the 
method used in Art. 104. Reduced to simple form the general 
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solution is: 
gq = Qe sin (wt — 6) (2) 


where Q and 6 are undetermined constants of integration and 
where a and w are written for the following: 


a= x (3) 
and 
1 R? 
CONTE vai (4) 


Equation (2) completely expresses the motion of the weight in 
Fig. 84 when the motion of the weight is opposed by friction as 
above explained. Indeed equation (2) expresses a kind of 
harmonic motion in which the amplitude (Qe) decreases 
continually. 


aia y exponential curve 


ee 


Fig. 86. 


The varying value of q as expressed by equation (2) is repre- 
sented by the ordinates of the wavy curve in Fig. 86 for the case 


in which @ = — > The dotted curves are exponential curves 
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of which the equations are g = + Qe. Another graphical 
representation of equation (2) is shown in Fig. 87 where q is 
the projection on the fixed line ab of a line Qe-“ which rotates 


ti reat en spiral 
ae l ES 


Fig. 87. 


at a constant angular velocity of w radians per second and 
grows continually shorter and shorter. The end of the line 
Qe describes the dotted curve which is called an exponential 
spiral. 

PROBLEMS. 


Solve the following differential equations: 


2, 

1. ou + ay =0. Ans. y = Csin 2x + D cos 22. 
Py dy — — pt 1 

ee de 2 + 5y =0. Ans. y = e?(C sin 2x + D cos 2z). 
Py dy = En ae ] 

3: de 8a + 25y = 0. Ans. y = e“(C sin 32 + D cos 32). 


4 aS 24 dy +169y =0. Ans. y=e*(C sin 5x2 +D cos 52). 
mac dx ; : 
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5. 2Y 


* dx? a = ) 


+H ety= 0. Ans. y= e#(Csin Fa+D cos Fe 


106. Forced or maintained oscillations.—The weight in Fig. 
84 is acted upon by the force — a due to the altered stretch of 


the spring, and by the force -Rr@ due to the frictional drag 


of the fluid in which the weight moves up and down. Let us 
suppose that an outside periodic force, E sin pt, acts upon the 
weight. Then the total force acting on the weight will be 


— 5 =—ily a +E sin pt, and this will be equal to the product 


of mass times acceleration (z ss _ Therefore we will have: 


q+ cre ee Ted ee = CE sin pt (1) 


This is the differential equation of motion of the weight under 
the assumed conditions, and 
this identical differential equa- 

R tion expresses the mode of vari- 
ation of the charge q in the 
condenser C in Fig. 88 when 

earn ator L an alternator of which the 

electromotive force is FE sin pt 

delivers electric current to a cir- 

c cuit of resistance R and induc- 

tance L, the circuit containing 

Tiecuit a condenser of capacity C. 
Fig. 88. The charge q in the condenser 
is not so familiar a thing as 


the current 2 (- 1) which flows in the circuit, but it is con- 


circuit 


venient to use q as our variable instead of 7. 
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Everyone who has had any experience with alternating-current 
phenomena knows that in general there are two recognizable 
alternating currents in the circuit shown in Fig. 88, namely, (a) 
The alternating current which is maintained by the alternator. 
This alternating current is of the same frequency as the electro- 
motive force FE sin pt of the alternator, and (b) A decaying 
oscillatory current, as if the condenser had been initially charged 
and allowed to discharge through the circuit. This decaying 
alternating current is independent of the alternator, it is expressed 
by equation (2) of Art. 105, and its frequency is determined by 
equation (4) of Art. 105. 

The finding of the general solution of equation (1) is accom- 
plished in two steps. The first step is the finding of a so-called 
singular solution of (1), a solution which expresses the maintained 
alternating current above mentioned, and the second step is to 
add to this singular solution the general solution of equation (1) 
of Art. 105 as given by equation (2) of Art. 105. This addition 
is permissible inasmuch as it is very easy to show that v +z 
is a solution of equation (1) of this article if v is a solution, and 
if z is a solution of equation (1) of Art. 105. 

This procedure involves elaborate transformations which are 
unintelligible to the beginner, and it is therefore useless to carry 
it out. Fortunately, however, a much simpler method is avail- 
able for the establishment of the desired result, a result which is 
the foundation of the more important part of the theory of 
alternating currents.* 

* See pages 66-68 and 73-74 of Franklin and Esty’s Elements of Electrical 
Engineering, Vol. II. 


CHAPTER VIII. 


THE PARTIAL DIFFERENTIAL EQUATION OF WAVE MOTION. 


107. Differential equation of travel. Equation of a traveling 
curve.—When a point is stationary its abscissa a is constant, 
and when a point. travels at constant velocity along the z-axis of 
reference its abscissa increases (or decreases) at a constant rate 
so that x2 = kt + any constant. This is all very simple but the 
equation of a traveling curve which is so extensively used in the 
theory of wave motion is not so simple, and therefore some dis- 
cussion of it is necessary. 

The curve cc in Fig. 89 is stationary with respect to the origin 
Q’, and the equation of the curve referred to the origin O’ is: 


y = F@’) (1) 


—— vt—-—-# — — x’ — 


i 
Fig. 89. 


But the origin O’ and the curve cc are both assumed to be 
traveling to the right at velocity v, so that the abscissa of the 
moving origin O’ referred to the stationary origin O is vf. There- 
fore the abscissa 2 of any point on the curve cc referred to the 
stationary origin is equal to 2’ + vt, or x’ = «— vt. Therefore, 
substituting x — vt for x’ in equation (1) we have 


y = F@ — ot) (2) 
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which is the equation of the traveling curve cc referred to the 
stationary origin O. 
Similarly it may be shown that 


y = f(x + vt) (3) 


is the equation of a curve which is traveling to the left at velocity v. 
The two equations (2) and (3) satisfy one of the most important 
of the differential equations of physics, namely, the differential 
equation of wave motion. 
Let the expression x — vt be represented by the single letter z. 
That is 


z=2— ut (4) 
so that 
Oz 
ae (5) 
and 
Oz 
at == U) (6) 
Then equation (2) becomes 
y = F@) (7) 
dy / @y| _ dF a 
Let oF be represented by F’(z), and let qe | Paper be 


represented by F’’(z). Then, according to the rule for differ- 
entiating a function of a function (see Art. 34), we have (using 


0 
the above values of he and Ny 
Ox ot 


dy _ dy 9% _ py 
ox dz Ox F'@) (8) 


differentiating again we have: 


Hy _ AF) | d2 
ae dz SOx: 
Similarly we have: 


= F(z) (9) 


ay_dy 8m i 
i. EET ee a) 
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and 
ay  _ vdlF’(z)| a 


_ 4 yp 11) 
Ob dz Ppmeereee ?: (4) 


Therefore, comparing equations (9) and (11), we have 


i] 12, 
gf aa? ee 


and it may be shown, as above, that equation (3) leads to this 
same differential equation. 

A partial differential equation may be recognized as one which 
contains more than one independent variable. Therefore it is 
unnecessary to use the symbol 0 instead of the symbol d. Here- 
after the symbol d will be used exclusively. 

General solution of equation (12).—Equations (2) and (8) both 
satisfy equation (12), and therefore equations (2) and (8) are both 
solutions of (12). Therefore, according to the principle of super- 
position as explained in Art. 100, the sum of F(x — vt) and 
f(a + vt) or 

y = F@ — wl) + fet wt) (13) 


is a solution of equation (12). Indeed this is the general solution 
of (12) because it contains two undetermined functions.* 


PROBLEMS. 
: dy dy dy dy 
Kony I ~ —- Ww 
ind the values of dx’ dx? di 22 Gp hen 


y =A sin (x — v6); 
also when 


y = A sin (# + vt). 
Show that both of these functions satisfy equation (12) of Art. 107. 


*The general solution of an ordinary differential equation of the second 
order contains two undetermined constants, and the general solution of a 


partial differential equation of the second order contains two undetermined 
functions. 
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2. Show that 
A sin (x — vt) + A sin (x + vt) = 2A sin x cos vt, 


and plot the curve y = 2A sinz cos vt for the following values 
of vt, namely, 


7 a on 5a 38a Tr 


0, ay my “A? us) A? OPA 


and 27. 


Note.—The curves thus plotted show the successive configurations of a 
string which is vibrating in what is called a simple mode. See Franklin and 
MacNutt, Light and Sound, page 248, The Macmillan Co., New York, 1909 

108. Equation of motion of a stretched string.— When a 
stretched string is in equilibrium it is of course straight. Let 
us choose this equilibrium position of the string as the z-axis of 
reference as shown in Fig. 90, and let us set up the differential 


Fig. 90. 


equation which expresses the mode of motion of the string while 
the string is vibrating or while a bend is traveling along the string 
as a wave. We will assume that each part of the string moves 
only up and down (at right angles to the z-axis in Fig. 90) and we 
will assume that the string is perfectly flexible.* Under these 
conditions the z-component of the tension of the string is always 
- and everywhere equal to a constant 7’. 

Let the curve ccc, Fig. 90 be the configuration of the string 
at a given instant t, that is, ccc is what a photographer would 
call a snapshot of the moving string. The shape of the curve ccc 


* This means that the only thing that keeps the string straight is its tension. 
14 
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‘ 


defines y as a function of x, and the steepness of the curve at a 
point is the value of ow at that point. 

Consider the very short portion ab of the string. The length 
of this portion of the string when the string lies along the z-axis 
(in equilibrium) is dz, and the mass of the portion is m - dz 
pounds or grams as the case may be, where m is the mass per unit 
length of the string. An enlarged view of the very short portion 
of the string is shown in Fig. 91. The adjacent parts of the 
string pull on the portion ab in the direction of the string at a 
and at b, and the forces R and R’ are thus exerted on the 
portion ab. The z-component of R is the force T towards the 
left, and the x-component of R’ is an equal force 7 towards the 
right. Therefore the downward force D on the end a of the 
portion ab is D = T tan 6, and the upward force U acting on 
the end 6 is U=T tan’. Therefore the net upward force 
exerted on ab is 


dF = T tan 6’ — T tan 0 (1) 


dy 
dx 
to the value of wu at b. Therefore the difference, tan 6’— tan 6, 


is the increase of oy from a to b, and this increase is equal to 
dy Me Co ats : ay 
a dx. This is evident when we consider that the value of Tx 


But tan @ is equal to the value of at a, and tan 6’ is equal 


means the rate of increase of aw with respect to a. Therefore, 


Seer =O 
substituting = -dx for tan 6’ —tané@ in equation (1), we 
have: 


dy 
CP ee (2) 


Now according to Newton’s laws of motion the net upward 
force dF acting on the portion ab of the string is equal to the 
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mass m - dx of the portion multiplied by the upward acceleration 


a : : 
= of the portion. Therefore, substituting m ot -dx for dF 
in equation (2), we have: 
dy dy 
dt? dx? 
or 
fy _ Tdy 
dt? ~~ mdz? (3) 


This differential equation is here derived for the case of wave 
motion on a string, but identically the same form of equation 
applies to sound waves in air, to electric waves, to waves of light 
(which indeed are electric waves), and to certain kinds of water 
waves.* Equation (3) is therefore very important. Its general 
solution as found in Art. 107 is: 


y= Fa—u)+fet+r) (4) 


where ' 


= Ae , (5) 


The term F(x — vt) represents a wave (a bend of any shape) 
traveling to the right at velocity v, and the term f(x + ot) 
represents a wave (a bend of any shape) traveling to the left at 
velocity v. 


109. Idea of wave motion established without the help of 
. equation (3) of Art. 108.—It is evident from Art. 107 that travel, 
purely and simply, is about the only thing that is established by 
the solution of equation (3) of Art. 108. Therefore one might 
expect to obtain equations (4) and (5) without the help of equation 
(3) by introducing the idea of travel at the beginning. With this 
end in view let us consider a bend of any shape and let us imagine 
that this bend is traveling along the string to the right at any 


* We are here considering only the simple case in which there are no appreci- 
able energy losses as the wave travels along. 
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velocity v. One could make a bend of definite shape travel 
along a stretched string by threading the string through a bent 
tube and moving the bent tube along, and this state of affairs 
would be entirely unchanged if we imagine the tube to be stationary 
and the stretched string to be drawn through it as indicated in Fig. 92. 


Fig. 92. 


It is assumed that the string slides through the tube without 
friction. At any point p the string pushes against the side d 
of the tube because of its tension, and the string pushes outwards 
against the side c of the tube because of centrifugal action. 
Let r be the radius of curvature of the tube at p. Then the 
particles of the string near p may be considered to travel along 
a circular path of radius r. Therefore, according to Art. 50, the 


radial* acceleration of a particle of the string at p is a Consider 
an infinitely short piece of the string whose length is ds and 
whose mass is m-:ds. Then m- ds nes is the radial force 
which must act upon the short piece of string to produce the 
specified acceleration . If the string has no tension, then all of 


this radial force is exerted by the side c of the tube. 
If the string is under tension TJ’, then the tension produces a 


: ih 
radial force equal to me ds on the portion ds of the string, 
according to Art. 51; and if the string is not moving this force is 


exerted against the side d of the tube. 


*In the direction of r and towards the center of the osculating circle. 
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If the string is moving at a velocity which satisfies the equation: 


or 


then the radial force due to the tension of the string is just sufficient 
to produce the necessary radial acceleration, and no force at all 
is exerted on the string by the guiding tube. Under these con- 
ditions the guiding tube might be removed and the bend would 
stand in a fixed position on the traveling string; or if the string 
were standing still the bend would travel along the string at 
velocity v. 

In this discussion the bend can be of any shape and it can 
travel at velocity v in either direction. 


110. The vibration of a plucked string.*—A string is pulled 
to one side as shown in Fig. 93 and released. The string is thus 


Fig. 93. 


* The vibration of a string which is struck with a hammer as in a piano is 
easy to formulate. The vibration of a string which is set vibrating by a bow 
as in a violin is somewhat more difficult to formulate. 

A good discussion of this subject is given in Byerly’s Fourier’s Series and 
Spherical Harmonics, pages 30-145, Ginn and Co., Boston, 1893. 

A discussion of the motion of piano strings and of violin strings is given 
in Appendices V and VI of Helmholtz’s Tonempfindungen. English trans- 
lation by Alexander J. Ellis is entitled Sensations of tone. Published by 
Longmans, Green and Co., 1885. 
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set vibrating. The vibrating string has at each instant a definite 
shape, that is, it forms a definite curve. It is desired to find an 
equation expressing y in terms of x and elapsed time ¢, which 
equation will be at each instant the equation of the curve formed 
by the moving string. 

There are two conditions which must be satisfied by the ex- 
pression for y, namely: (a) y must be zero at all times when 
x=0 and when zx =~7, and (0b) at the instant ¢=0 the ex- 
pression for y must be the equation of the curve formed by the 
plucked string at the moment of release. 

Also, of course, the expression for y must satisfy the differential 
equation (3) of Art. 108, namely, 


d2 mdz (1) 


Now it can be shown (see problem 2 on page 193) that the following 
expressions satisfy equation (1) 


y = A sin nz sin not (2) 
y = A sin nz cos not (8) 
y = A cos nz sin not (4) 
y = A cos nz cos net (5) 


where A and n have any values whatever. But only (2) and 
(3) give y= 0 when x=0, and n must be an integer to give 
y=0 when x=~7. But (2) cannot be used because it gives 
y =0 everywhere when ¢=0. Therefore our problem is to 
take 

y = Asin nz cos not (3) 


which satisfies condition (a), and add a large number of such solu- 
tions together (using different values of A and n in each) to 
get an expression for y which satisfies condition (6), above. The 
possibility of doing this was discovered by Fourier* and is embodied 
in what is called Fourier’s theorem. 


* Fourier’s original discussion is very simple and interesting. See Fourier’s 
Theory of Heat, translated by Alexander Freeman, Cambridge, 1878. 
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111. Fourier’s theorem.—Let y be any given function of z. 
Consider a certain portion AB of the curve which represents y 
as shown in Fig. 94, and let the distance AB be 27 (this is 


equivalent to choosing — as our unit of length). Then, ac- 


cording to Fourier we may express the function y within the 
region AB as follows: 
ISS as ae ta eae a) 
+ B,cosx-+ Be cos 2x + B3 cos 8a + --- 


where the coefficients Ao, A1, A2, +++ and By, Bs, B3, +++ are 


constants whose values are: 
1 —=2 ar 


Ap=s- y- dx (2) 
LF 
1 =2r ; 
An= =f y sin nx + dx (3) 
T 2=0 
1 cer 
B= =f y cos nz + dx (4) 
T 2=0 


A complete proof of Fourier’s theorem would involve a proof 
that the right-hand member of equation (1) is a convergent 


y-axis 


— H H 
Soo —x -—> H 
——-at———- I 


Fig. 94. 


series.* This, however, will here be taken for granted. The 
proof then reduces to a derivation of equations (2), (3) and (4). 


* This matter is discussed in Chapter III of Byerly’s Fourier’s Series and 
Spherical Harmonics, Ginn and Co., Boston, 1893. 
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In this proof a consideration of average values is most important, 
and the student should therefore look over Art. 73 again. 

Another matter of import- 
ance is to understand clearly 
the meaning of the equation 
y =sinnz (and y=cos nz) 
when n isaninteger. Now 
y = sin nx is the equation 
of a sine curve. If n=1 
this sine curve makes a posi- 
tive ‘‘arch” between x = 0 
and x = 7, and a negative “arch” between x = m7 and & = 2r. 
In general the sine curve y =sinnz makes a positive arch 

T 


between « = 0 and «= x and a negative arch between x = 


Slay 


and + = = as shown in Fig. 95. Therefore the sine curve 


y = sin nx makes n pairs of positive and negative arches between 
2 =0 and x = 2r. 

The derivation of equations (2), (8) and (4) depends upon the 
following propositions, n and m_ being integers. 


Proposition I.—The average value of sin nx (or of cos nx) between 
x=0 and x= 2r is zero. This is evident when we consider 
that sin nx (or cos nz) passes through exactly similar sets of 
positive and negative values which exactly offset each other 
between + = 0 and 2 = 2rz. 


Proposition II.—The average value of sin? nx (or of cos? nz) 
between x = 0 and x = 2m is equal to 4. This may be shown 
: ie esate 
by finding the value of Oy. (| sin? nx-dx (or of the correspond- 
z=0 
ing expression for cos? nz) as explained in Art. 73. 


Proposition III.—The average value of sin nx sin mx between 
z= 0 and x= 2r is zero when n and m are different integers. 
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This may be shown by finding the value of the expression 


if = 2 ar 

Qn fe sin nz sin mz - dz, 
2=0 

which may be easily done with the help of form 24 in the table 

of integrals. 


Proposition IV.—The average value of sin nx cos mx between 
x=0 and x = 2x is zero whether the integers n and m be the 
same or not. This may be shown with the help of form 25 in the 
table of integrals. 


Proposition V.—The average value of cos nx cos mz from x = 0 
to x = 2m is zerowhen m and n are different integers. This can 
be shown with the help of form 26 in the table of integrals. 


Derivation of equation (2).—Consider the average value of each 
member of equation (1) between x=0O and x=2z7. The 
average value of the first member is, by definition, equal to 
1 =r 


a y-dx, and the average value of the second member is Ao 
T 


e/z=0 

according to proposition J above. Therefore -: if i y:dx = Ag 
2=0 

which is equation (2). 


Derivation of equation (3).—Multiply both members of equa- 
tion (1) by sin na and we have: 


y sinnx = Aosinnz + Aisinnzsinz + --- +A, sin? nz 
+ ---+ By, sinnzcosxa+:::. 


Consider the average value of each member of this equation 
between «=O and x =2z. The average value of the first 


29 
member is = y sinna-dx. The average value of every term 
z=0 


of the second member is zero according to the above propositions 
except the term A, sin? nz, and the average value of this term 
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is 4A, according to proposition II. Therefore 


1 = 2ar 
an y sin nz - dx = 3Az 
z=0 


which is equation (3) 


Derivation of equation (4).—Multiply both members of equa- 
tion (1) by cos nz, consider the average value of each member 
of the resulting equation between x=0O and a2 = 27, and 
equation (4) is obtained. 


Simplification of equations (3) and (4) due to symmetry of given 
curve.—Let ccc, Fig. 96a, be the curve which is to be expressed 
by equation (1). It is permissible to take the base of ccc as 7. 


Ie---@)---- 410" 


i‘\ Te Amat 

eS fe ye = ee vc! ac H 

ts Ne H 

a ee a OE ee 
Fig. 96a 


Under these conditions there are two important methods for 
choosing the second half of the complete curve, namely, the 
portion between 7 and 27, as follows: 

Curves having sine terms only.—The second half of the complete 
curve may be chosen like ccc turned upside down and turned 
end for end, as shown by the dotted curve c’c’ in Fig. 96a. In 
this case y = — y’ as shown in Fig. 96a. Now sin na has equal 
and opposite values at p and at p’, therefore y sin na: dx has the 
same value and sign at p and at p’, and therefore 


2 ar 7 
i ysinne de = 2 y sin nx + dx 
0 0 
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Consequently equation (3) becomes: 


An=2[ y sin nx - dz (5) 
T Jo 


Furthermore cos nx has the same value and the same sign at p 
and at p’, therefore y cos nz - dx has the same value but has 


ar 
opposite signs at p and at p’, and therefore il y cos nz-dx is 
0 


zero. Consequently all of the cosine terms drop out of equation 
(1). Furthermore it is evident from the symmetry of the com- 


2a 


plete curve cccc’c’ in Fig. 96a that y:dx = 0 so that 
0 


Ay =0. Therefore the complete curve in Fig. 96a is given by: 
y = Aisinzg + Asin 2x + A3sin 32+ --- (6) 


Curves having cosine terms only.—The second half of the complete 
curve may be chosen like cce turned end for end but not turned 
upside down as shown by the dotted curve c’c’c’ in Fig. 96b. 


Under these conditions it may be shown, by an argument some- 
what similar to the above, that equations (1) and (4), respectively, 
become 

y = Ao+ B: cos x + Be cos 2x + Bs; cos 34 + --- (7) 
and 


B, = Al y cos nx + dx (8) 
T So 
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112. The vibration of a plucked string completely formulated.— 
In Art. 110 the problem of the plucked string was reduced to the 
problem of adding together a number of terms like A sin nz cos nvt 
so as to get an expression for y which is the equation of the curve 
formed by the string when t= 0. This is evidently the same 
thing as expanding the given function y in a series of sines as 
explained in Art. 111. That is, we must find the coefficients in 
the series: 


y = A,sinz + Ay sin 2c + Aj sin 32+ --- (1) 
and the general expression for the coefficient A, is: 
PA Bers, 
An == { y sin nx + dx (2) 
T Jo 


according to equation (5) of Art. 111, the use of which means 
that we have assumed the length of our string as 7 units and 


~ middle of string 


ee eee —_— 


—_— eee a tet 


Fig. 97a. 


have completed the curve as indicated by the heavy dotted line 
in Fig. 97a. 


Now the equation of the curve formed by the string at the 
beginning (¢ = 0), as shown in Fig. 97a, is: 


2 
ip <2 from x=0 to r= 


(3) 


Dla 


reno Sora from a= 
Tv 


d!13a 
ct 
() 
8 
I] 
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— 
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Therefore the integral (2) must be evaluated in two parts, namely: 


1/2 v 
An==f qrsinna- det = f (20 — = 2) sin neds (5) 
0 Tv T n/2 T 


T, 
which gives: 
 Stde.. Sr 
eee 
Therefore the equation of the curve formed by the string at the 
beginning is: 
= (cin  — } sin 3 + yk sin 52 — +++) (6) 
and the equation of the curve formed by the string at an instant 
t seconds after the beginning is: 


y = 55 (sin & cos ot — } sin 32 cos Bx + +++) (7) 


Description of the motion of a plucked string.—It would seem 
from the elaborate difficulties of the above problem [and perhaps 


Fig. 975. 
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the complexity of the result as given in equation (6) would suggest] 
that the motion of a plucked string is very complicated. As a 
matter of fact, however, the motion of a plucked string is extremely 
simple and easy to describe. Thus Fig. 976 shows six successive 
snapshots of a string which has been plucked in the middle and 
released. The moving part of the string is straight and parallel to 
the equilibrium position of the string and the motion is indicated 


by the short arrows. 
PROBLEMS. 


The most important practical problem involving Fourier’s theorem is, 
perhaps, the finding of the coefficients in equation (1) of Art. 111 when the 
function y is given not as an algebraic function of z but as an experimentally 
determined curve. 

A very good set of directions for making the necessary calculations is 
given in Bedell and Pierce’s Direct and Alternating Current Manual, 2nd edition, 
pages 331-338, D. Van Nostrand, New York, 19138; and a discussion of the 
origin and proof of the method is given on pages 339-344. 

The harmonic analyzer is a machine for finding the coefficients in equation 
(1) of Art. 111 when the function y is given as an experimentally determined 
curve. The earliest harmonic analyzer is that of Lord Kelvin. A brief 
description of this machine is given in Franklin’s Electric Waves, pages 340- 
342, The Macmillan Co., New York, 1909. See also section 37 of the article 
on Tides in the ninth edition of the Encyclopedia Britannica. See also articles 
by James Thomson and by Sir Wm. Thomson (Lord Kelvin) in Proceedings of 
the Royal Society, Vol. XXIV, 1876, page 262 and pages 269 and 271. The 
harmonic analyzer of G. U. Yule is described in an article by J. N. Le Conte, 
Physical Review, Vol. VII, pages 27-34, 1898. An especially interesting de- 
scription of a harmonic analyzer is given on pages 68-74 of A. A. Michelson’s 
Light waves and their uses, University of Chicago Press, Chicago, 1903. 


1. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. pl. 
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Ans: y = — 2 (sing + ¥ sin 2e + $ sin 32 + ++) 


2. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. p2. 


Ans: y = “9 (sine + ¥ sin Bx + } sin 52 + ree) 


3. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. p3. 


Ans: y = “4 (cos « — $ cos 80 + } cos 5x — + cos 7 + +++) 


y-axis 


4. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. p4. 


Ans: y = 52 (sin @ — $ sin 30 + gy sin Be — gy sin Ze + ve) 
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5. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. pd. 


84 (cos 2 + 4 cos 3¢ + py cos 5a + ++) 


Ans: y = 


1 
’ 
' 
' 
} 
' 
‘ 
’ 
‘ 
‘ 
t 


—-R—— + —- 7 -— 4 


Fig. pd. 


6. Determine the coefficients in Fourier’s series to give the 
curve cc which is shown in Fig. p6. 


ane , : : 
Ans: y = = (sing — § sin Qe + 4 sin 8x — } sin 4 + +e) 
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7. Derive the answer to problem 4 by integrating the answer 
to problem 3. 


Note.—Any Fourier series gives a convergent series when integrated term 
by term. 


8. Plot the curve which represents the integral of the curve 
given in Fig. p2, the constant of integration being such as to 
make the integral curve pass through the origin; and determine 
the coefficients in a Fourier’s series to give the integral curve. 


Note.—The constant of integration is zero in problem 7 and therefore 
easily overlooked. 


9. Derive the answer to problem 3 from the answer to problem 2 


by shifting the origin 3 to the right. 

10. Differentiate the answer to problem 4 and interpret the 
result. 

Note.—A Fourier series gives a divergent series by differentiation unless 
the function y is continuous. Thus y in Fig. p4 is continuous, whereas y 
in Figs. pl, p2, p3 and p6 is discontinuous. 


15 


CHAPTER Ix 


VECTOR ANALYSIS. 


SCALAR AND VECTOR FIELDS. 


113. Space analysis—A system of space analysis, commonly 
called vector analysis, is developed in this chapter, and it is ex- 
tremely useful and important in every branch of physics where 
variations in space are involved. Thus the theory of electricity 
and magnetism (aside from the electron theory) is a simple appli- 
cation of vector analysis. Also the theory of heat flow, the 
theory of fluid motion, and a great part of the theory of elasticity 
and wave motion are applications of vector analysis. It is almost 
impossible for a student to make a beginning in any branch of 
theoretical physics without some understanding of vector analysis. 

Vector analysis as outlined in this chapter is a very different 
thing from the familiar use of vectors and of complex quantity 
in the theory of alternating currents. In the one case we have a 
comprehensive system of space analysis, and in the other case 
we have a narrow scheme for representing the solution of a linear 
partial differential equation, as explained in chapter VII. Indeed 
the kind of ‘vector analysis’? which is used in the theory of 
alternating currents cannot possibly be extended to three dimen- 
sions as a consistent system of space analysis. 

Vector analysis originated in Sir William Hamilton’s theory of 
quaternions.* The theory of quaternions, however, contains 
much that is of doubtful value in theoretical physics. Indeed 
Maxwell in his great treatise on Electricity and Magnetism (Oxford, 
1873) used only a few of Hamilton’s ideas. The study of Max- 

* See Sir William Rowan Hamilton’s Lectures on Quaternions, and Elements 
of Quaternions. ‘These books are now out of print but they may be found 


in most good libraries. An Elementary Treatise on Quaternions by P. G. Tait, 
second edition, Oxford, 1873, is the standard treatise on the subject. 
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well’s treatise has kept the subject of space analysis before the 
serious student of physics for more than a generation, and two 
significant attempts have been made to formulate the more useful 
of Hamilton’s ideas in what is now called vector analysis. The 
first of these was that of Willard Gibbs, whose view of vector 
analysis was outlined in a very condensed form in a pamphlet 
printed (for private circulation, only) in New Haven in 1883.* 
The second attempt to formulate the more useful of Hamilton’s 
ideas was that of Oliver Heaviside. 

The first attempt to place vector analysis before the student of 
physics in simple form was that of E. L. Nichols and W. S. Frank- 
lin.t The best discussion of vector analysis for the student is 
that of Abraham and Féppl in their Theorie der Electricitdt, Vol. I, 
pages 1-125, Leipsig, 1907. 


114. Scalar and vector quantities—A scalar quantity is a 
quantity which has magnitude only. Thus every one recog- 
nizes at once that to specify 10 cubic yards of sand, 25 pounds of 
sugar, 5 hours of time is in each case to make a complete speci- 
fication. Such quantities as volume, mass, time and energy are 
scalar quantities. 

A vector quantity is a quantity which has both magnitude and 
direction, and to completely specify a vector quantity one must 
give both its magnitude and its direction. This necessity of 
specifying both the magnitude and the direction of a vector is 
especially evident when one is concerned with the relationship of 
two or more vectors. Thus if a man travels a stretch of 10 miles 
and then a stretch of 5 miles more, he is by no means necessarily 
15 miles from home. If one man pulls on a post with a force of 

* Professor Gibbs’ point of view is set forth in Vector Analysis by E. B. 
Wilson, New Haven, Yale University Press, 1901. 

+See Heaviside’s Electromagnetic Theory, Vol. I, pages 132-3805, The 
Electrician Publishing Co., London, 1893. This discussion of Heaviside’s 
is unusually interesting, but we cannot agree with Heaviside in his statement 


that vector analysis is independent of the quaternion. 
t See Nichols and Franklin’s Elements of Physics, Vol. I, first edition, The 


Macmillan Co., New York, 1895. 
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200 units and another man with a force of 100 units, the total 
force acting on the post is by no means necessarily equal to 300 
units. A New Yorker traveling steadily at a speed of 60 miles 
an hour would by no means necessarily reach Boston in 5 hours, 
because he might be traveling in some other direction. 

Many cases arise in physics where it is necessary to consider 
the single force which is equivalent to the combined action of 
several given forces; where it is necessary to consider the actual 
velocity of a body due to the combined action of several causes, 
each of which alone would produce a certain amount of velocity 
in a given direction; and so on. The single force or single velocity 
is in each case called the vector sum or the resultant of the given 
forces or given velocities. 

The addition of vector quantities is exemplified by the addition 
of forces as follows: Two given forces are represented by the 
lines a and 6, in Fig. 98, and the sum or resultant of the forces 
is represented by the diagonal r of the parallelogram constructed 
on a and b assides. It is evident that the geometrical relation 


Fig. 98. Fig. 99. 


between a,b and r is completely shown by the triangle in Fig. 
99, in which the line which represents force b is drawn from the 
extremity of the line which represents force a, and r is the 
closing line of the triangle. 

The geometrical construction of Fig. 99 gives a method of 
adding any number of forces with the least amount of compli- 
cation, as shown in Fig. 100. Thus to add four given forces 
a,b,c and d: draw a line representing force a; from the end of 
this line draw a line representing force 6b; from the end of this 
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line draw a line representing force c; and soon. Then the closing 
line r of the polygon abcd represents the sum of the forces in 
magnitude and in direction. 

To represent a vector in an alge- 
braic discussion it is usually most 
convenient to represent the vec- 
tor in terms of its components in 
the directions of three chosen 
rectangular axes of _ reference. 
Thus if X, Y,Z are the compo- 
nents of a given force F (or any Fig. 100 
vector whatever) then the force may A os 
be represented as 


F=X+Y+4+4Z. 


In this expression vector addition is of course understood 
because X, Y and Z are vectors. 


115. Vector products. Case I. Parallel vectors —The product 
of two parallel vectors is a scalar. This fact is exemplified in 
every branch of physics. Thus to multiply a force by the distance 
a body has moved in the direction of the force gives the work done 
by the force, and work is a scalar quantity. To multiply a force 
by the velocity with which a body moves in the direction of the 
force gives the power developed by the force, and power is a 
scalar quantity. The square of the velocity of a body determines 
its kinetic energy, and energy is a scalar quantity. A plane area 
is a vector quantity and its vector direction is the direction of the 
normal to the area. To multiply the area of the base of a prism 
by the altitude of a prism gives the volume of the prism, and 
volume is a scalar quantity. 

The quotient of two parallel vectors is a scalar quantity. Thus 
let F be the force exerted by a fluid on a flat surface of area a. 


Then the quotient 4 is the hydrostatic pressure of the fluid, and 


hydrostatic pressure is a scalar quantity. 
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Case II. Orthogonal vectors.—Vectors which are at right angles 
to each other are said to be orthogonal. The product of two 
orthogonal vectors is a third vector at right angles to both of the 
given vectors. Thus to multiply the length by the breadth of a 
rectangle gives the area of the rectangle, and area is a vector as 
above explained. To multiply a force F by the perpendicular 
distance 1 from the line of action of the force to a chosen axis 
gives the torque action IF of the force about the axis, and torque 
action is a vector quantity. 

The quotient of two orthogonal vectors is a third vector at right 
angles to both of the given vectors. Thus to divide the area of a 
rectangle by the length of one side gives the length of the other 
side. 

Case III. Oblique vectors —The product of two oblique vectors 
consists of two parts; one part is a scalar and the other part is 
a vector. This proposition is a necessary result of the above 
statements concerning the product of parallel vectors and the 
product of orthogonal vectors. Thus Fig. 101 shows two oblique 
vectors U and V. The vector V can be resolved into the 
components V’ and V” parallelto U 
and perpendicular to U_ respectively, 
and then V’+V” can be substi- 
tuted for V inthe product UV, giv- 
ing UV’+ UV". But UV’ is the 

Fig. 101. product of two parallel vectors and it 
isa scalar, and UV” is the product 
of two orthogonal vectors and it is a vector. 

From Fig. 101 it is evident that V’ = Vcos@ and that 
V’ =Vsin #0. Therefore we have the following important 
propositions: 

(a) The scalar part of the product of two oblique vectors is 
equal to the product of the numerical values of the respective 
vectors and the cosine of the angle between them. 

(b) The numerical value of the vector part of the product of 
two oblique vectors is equal to the product of the numerical values 
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of the respective vectors and the sine of the angle between them; 
and of course the direction of the vector part of the product is 
at right angles to the plane of the given oblique vectors. 

There are but few cases in physics where the scalar part and the 
vector part of the product of two oblique vectors are both important, 
although there are many cases where the scalar part of a vector 
product is important, and many other cases where the vector part 
of a vector product is important. Thus a force F acts on a car 
as shown in Fig. 102. Imagine the car to move a distance 7 in 


the direction of the track, then the work done by the force is the 
scalar part of the product of the two oblique vectors F and lL 
or: the work done is equal to numerical value of 1 X numerical 
value of F X cos 6. The vector part of the product JF in this 
case has no very important meaning. 

A force F acts on a crank as shown in Fig. 103. The torque 
action of the force about the axis of the crankshaft is the vector 
part of the product of the two oblique vectors F and 1; the 
“numerical value of the torque is equal to numerical value of 1 X 
numerical value of F X sin 6, and the direction of the torque, 
considered as a vector, is parallel to the axis of the shaft. 


Exact direction of the vector part of a vector product.—The 
product UV’ in Fig. 101 is a vector at right angles to the plane 
of the paper, but is it towards the reader or away from the reader? 
Consistency* requires us to admit that if the product UV” is 

* This is shown by the following discussion of Fig. 104 and by the inter- 
pretation of equation (1). Sir William R. Hamilton gives a very full discus- 
sion of this in his Lectures and in his Hlements of Quaternions. 
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towards the reader in Fig. 101, then V’’7U must be away from the 
reader. That is, we must admit that UV’’ = —V”U_ where 
U and V”’ are orthogonal vectors. 

This matter is exemplified as follows: A force F acts upon a 
crank-arm | as shown in Fig. 104. The vector part of the product 
lF is the torque action of the force 
about the axis O (perpendicular to the 
plane of the paper). Now the torque 
action of F in Fig. 104 can be ex- 
pressed in terms of the components of 
F, namely, X and Y, and the com- 
ponents of J, namely, x and y. 
Thus xY is a counter-clockwise torque 
about O, and yX isaclockwise torque 
about O in Fig. 104. Therefore, taking counter-clockwise torques 
as positive, we have: 


Total torque action of F 
about O in Fig. 104, or the | =2xY —yX (1) 
vector part of the product IF J 


The vector direction of a torque may be thought of as the direc- 
tion (along the axis of the torque) in which a right-handed screw 
would travel if turned by the torque. Adopting this convention 
and choosing the positive direction of the z-axis of reference towards 
the reader in Fig. 104 we have from equation (1): 

(a) xY is an z-vector multiplied by a y-vector, and it is a 
vector in the positive direction of the z-axis. 

(b) yX isay-vector multiplied by an z-vector, and it is a vector 
in the negative direction of the z-axis. 

Expressing F and J in terms of their components as shown in 
Fig. 104, we have: 

F=X+/Y (2) 


l=a+y (3) 
Multiplying equations (2) and (3) member by member, using the 


and 
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ordinary rules of algebra, we get: 
IF =aX +yY+aY + yX (4) 


But it is shown above that wY and yX are opposite in sign. 
Now the opposite signs of xY and yX are shown in equation (4), 
according to the above discussion, by the fact that in one case we 
have an x-vector multiplied by a y-vector and in the other case we have 
a y-vector multiplied by an x-vector. But it is very inconvenient 
to have algebraic signs so indirectly indicated; it is better to 
indicate the sign explicitly and take «Y — yX as the vector part 
of the product IF. When this is done we pay no attention to the 
order of the factors, because the inverse order in the two terms is 
taken account of in the negative sign of the second term. With this 
understanding, therefore, we have the following important propo- 
sitions: 

(a) The scalar part of the product JF in Fig. 104 is equal to 
aX + yY. This is evident when we consider that 7X and yY 
are the only scalar terms in equation (4). 

(b) The vector part of the product of /F in Fig. 104 is equal to 
xY — yX, and it is in the direction towards the reader in Fig. 104. 


116. Scalar fields.—It is sometimes important to consider the 
temperature at various points in a body, the pressure at various 
points in a fluid, the density at various points of a substance or 
the electric charge per unit volume at various points in a region. 
Such a distribution of temperature, hydrostatic pressure, or density 
~ is called a scalar field because the quantity under consideration is 
a scalar and it has a definite value at each point in a region or 
field of space. The distribution is said to be homogeneous or 
uniform when the scalar quantity has the same value at every 
point in the field; otherwise the distribution is said to be non- 
homogeneous. An example of a non-homogeneous scalar field is the 
temperature of an iron rod one end of which is red hot and the 
other end of which is cold. Atmospheric pressure is also non- 
homogeneously distributed because it is different at different 
places and different at different altitudes. 
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A scalar field is sometimes called a distributed scalar. Thus 
when the scalar nature of temperature is to be emphasized it is 
helpful to call temperature (throughout a hot iron rod, for example) 
a distributed scalar. 

A scalar field is sometimes called a scalar function. A distri- 
buted scalar has a definite value at each point of space; that is, 
the value of a distributed scalar at a point is a function of the 
codrdinates of the point. When this fact is to be emphasized it 
is helpful to call temperature (or any distributed scalar) a scalar 
function. 


117. Vector fields.—It is sometimes important to consider the 
velocity at different points of a fluid, the direction and intensity 
of heat flow at different points of a substance, or the direction and 
intensity of an electric or magnetic field at different points in 
space. Such a distribution of fluid velocity, or other vector, is 
called a vector field because the quantity under consideration is a 
vector, and it has a definite value and direction at each point in 
a region or field of space. The distribution is said to be homo- 
geneous or uniform when the vector has the same value and is in 
the same direction at every point in the field; otherwise the distri- 
bution is said to be non-homogeneous. The water in a rotating 
bowl is an example of a non-homogeneous vector field because the 
water moves in different directions and at different velocities at 
different points in the bowl. The magnetic field around an 
electric wire is a non-homogeneous vector field because the mag- 
netic field does not have the same intensity and the same direction 
everywhere. 

A vector field is sometimes called a distributed vector. Thus 
when the vector nature of fluid velocity is to be emphasized it is 
helpful to call fluid velocity a distributed vector. 

A vector field is sometimes called a vector function. Each 
component (the x-component, the y-component and the z-com- 
ponent) of the velocity of a fluid has a definite value at each point 
of space; that is, the values of the components at a point p are 
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functions of the coérdinates of p. When this fact is to be empha- 
sized it is helpful to call fluid velocity (or any distributed vector) 
a vector function. 


118. Volume integral of a distributed scalar—For the sake of 
simplicity let us consider a special case, namely, the density of a 
substance, and let us assume that the density varies from point to 
point. Let y be the density at a given point, then y-d7r is 
the mass of material in the volume element dr at the point, and 
the total mass M of the body is: 


M = fy-dr (1) 


This integral is called the volume integral of the distributed scalar yp. 
The physical significance of volume integral is not in every case 
so simple as in the case of density. If y is the volume density of 
electric charge, then equation (1) gives the total electric charge 
in the region throughout which the integration is extended. 
If y is the energy density in an electric or magnetic field, or in a 
strained solid, or in a moving fluid, then equation (1) gives the 
total energy in the region throughout which the integration is 
extended. 


119. Gradient of a distributed scalar—Any distributed scalar 
like temperature, or density, or hydrostatic pressure has a definite 
value at each point of a field and therefore the value of any distri- 
buted scalar at a point may be thought of as a function of the 
_coérdinates xz, y and z of the point. Indeed, this matter has 
already been discussed in Arts. 62 to 66, where it is explained 
that a distributed scalar has a definite gradient at each point. 
Thus if y is the temperature at a point in a body, then 


_ dp 
i. (1) 
_ dp 
eee (2) 
Feige (3) 


220 CALCULUS. * 


where X, Y and Z are the component gradients of y. The 
gradient of a distributed scalar has a definite value and a definite 
direction at each point and it is, therefore a distributed vector. 


PROBLEMS. 


1. A vessel one meter wide, one meter long, and one meter 
deep, contains a fluid of which the density is one gram per cubic 
centimeter at the top, increasing uniformly to two grams per 
cubic centimeter at the bottom. Find the volume integral of 
the density of the fluid. Ans. 1,500,000 grams. 

2. The gradient of the density in problem 1 is uniform through- 
_ out the vessel and equal to one gram per cubic centimeter per 
meter, and it is directed vertically downwards. Suppose the 
downward gradient of the density to be a linear function of the 
distance from the top of the vessel, changing from zero at the top 
to two grams per cubic centimeter per meter at the bottom. 
Find the volume integral of the density of the fluid, the density 
being one gram per cubic centimeter at the top. Ans. 1,333,333 
grams. 

Q 

r 

where Q isaconstant and r the distance of p from the origin 

of codrdinates. Find the x,y and z components of the gradient 
Qx 

@+yt er 

4. Find the gradient of (= 2) in the direction of r. Ans. 

Q., 

72 

5. The z-component of the gradient of any distributed scalar 

may be thought of as a distributed scalar. Find the y-component 


3. The value of a distributed scalar at any point p is y = 
of y. Ans. The z-component is — 


of the gradient of the z-component of the gradient of Q. Ans. 
r 


3Qry 
(a? + y? + 24 
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120. Permanent and varying states of scalar distribution — 
When the temperature at each point of a body remains unchanged, 
the distribution of temperature throughout the body is said to be 
permanent, although, of course, the temperature of the body 
may not be everywhere the same. When the temperature at each 
point of a body is changing we have what is called a varying state 
of distribution. Thus the density in a gas which is being com- 
pressed, and the temperature throughout a body which is being 
heated or cooled are examples of varying scalar distributions. 


121. Stream lines of a distributed vector.—A line drawn through 
a moving fluid so as to be at each point in the direction in which 
the fluid at the point is moving is called a stream line. The 
geometrical idea of a stream line applies to any vector field what- 
ever, and the manner of distribution of a vector is clearly repre- 
sented by the use in imagination of such lines. In electric and 
magnetic fields these lines are called lines of force, but the term 
stream line will be used in general statements. 


122. Permanent and varying states of vector distribution — 
When the velocity of a moving fluid remains unchanged in magni- 
tude and direction at every point, we have what is called a perma- 
nent state of fluid motion. When the velocity of a fluid is changing 
at each point, we have what is called a varying state of fluid motion. 
Thus, when an orifice in a large tank of water is suddenly opened, 
a perceptible time elapses before the jet of water becomes estab- 
lished. During this time the velocity of the water is changing 
rapidly at each point in the jet. After the jet becomes steady, 
however, the velocity of the water at each point remains constant 
in magnitude and in direction. The magnetic field in the neigh- 
borhood of a moving magnet or in the neighborhood of a moving 
or changing electric current is an example of a varying vector 
distribution. 

Rate of change of a distributed vector at a point.—Let the line a, 
Fig. 105, represent the value at a given instant, of the velocity of 
a fluid at the point p, and let the line a+ Aa represent the 
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velocity of the fluid at the same point after a time-interval At has 
A 
elapsed. The limiting value of a as At approaches zero is the 
rate of change of a at the point p.* This rate of change of a 
has a definite value and is in a definite direction at each point of 


space and it is therefore a distributed vector. 


123. Line integral of a distributed vector—Consider a line or 
path pp’ in a vector field as shown in Fig. 106. Let As be an 
element of this line or path, let R be the value of the distributed 


a oe da 
Nye direction of at p 
~ ae 
rN) 


Fig. 105. Fig. 106. 


vector at the element As, and let ¢ be the angle between R and 
As. Then cose is the resolved part of R parallel to As, 
and R cose: As is the scalar part of the product of R and As; 
and: 

E = f Roose: ds (1) 


is called the line integral of the distributed vector R along the line 
or path over which this summation is extended. The angle e is 
reckoned between R# and the positive direction of As, the positive 

*In this illustration the velocity under consideration is the changing 
velocity of the successive particles of the fluid as they pass the point p, not 
the changing velocity of a given particle while it is traveling along near p. 


The latter velocity may be changing from instant to instant even though the 
former is invariable. 
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direction of As being the direction in which As would be passed 
over in traveling along the line pp’ in a chosen direction. If the 
chosen direction be changed, cose will change sign at each ele- 
ment. Therefore the line integral from p to p’ is equal to the 
line integral from p’ to p in Fig. 106, but opposite in sign. 


Examples.—The line integral of electric field along a path is 
called the electromotive force along the path. The line integral of 
a magnetic field along a path is called the magnetomotive force 
along the path. The line integral of fluid velocity along a path 
is called the circulation of the fluid along the path. 


Cartesian expression for line integral—Let X,Y and Z be 
the components of the vector R, and let dz, dy and dz be the 
components of the line element ds. Then we have: 


R=X+Y+dZ (a vector equation) (2) 
and ; 
ds = dx +dy+dz (a vector equation) (8) 
The product of the two vectors R and ds is part scalar and 
part vector as explained in Arts. 114 and 115, and the scalar part 
of the product is Rcose-ds or X-dr+Y-dy+Z- dz. 
Therefore equation (1) may be written: 


Al dei dy 42 de} (4) 


Line integral of the gradient of a distributed scalar—Consider 
a distributed scalar y. Let us call it temperature for the sake 
_-of intelligibility. Let R in Fig. 106 be the gradient of y, that 
is R is the temperature gradient. Then the line integral of R 
along the path pp’ is equal to y~’ — y, where y’ is the tempera- 
ture at p’ and y is the temperature at p. This is evident 
from the following considerations. The product R cose in Fig. 
106 is the resolved part of the temperature gradient in the direction 
of the line element As, and R cose - As is the change of tempera- 
ture along As. Therefore =R cos « : As is the sum of the changes 
of temperature along all parts of the path pp’ or the total change 
of temperature from p to p’. 
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Line integral of a gradient along co-terminous paths.—The 
line integral of R along any path pp’ is the temperature difference 
between p and p’. Therefore the line integral of R is the same 
for all paths from p to p’. There is an important exception to 
this proposition as follows: 

Imagine an ordinary auger to be placed with its axis at right 
angles to the plane of the paper in Fig. 107, the plane of the 


Fig. 107. Fig. 108. 


Slope-lines on an auger-hill. Magnetic lines of force around an 
electric wire. 


paper being the base plane and the winding-stair-like surface of 
the auger being looked upon as the surface of a hill raised above the 
base plane. This hill we will call an auger-hill, and its slope 
lines are shown by the fine-line circles in Fig. 107. The height 
of this auger-hill above any point p has many values differing 
from each other by, say, one inch, where one inch is the “pitch” 
of the auger. 

Now the line integral of the slope of a hill along any path is the 
difference of level of the ends of the path. A path which returns 
to its starting point (a closed path) comes back to its initial level 
on an ordinary hill, but a path from p back to p in Fig. 107 does 
not come back to its initial level if the path circles round the axis 
of the auger. Therefore the line integral of slope along the 
path 1 from p to p’ in Fig. 107 isnot the same as the line integral 
of slope along path 2 from p to p’. 
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The fine-line circles in Fig. 108 are the magnetic lines of force 
(slope lines of the magnetic-potential hill) in the neighborhood 
of an electric wire perpendicular to the plane of the paper. The 
line integral of the magnetic-potential slope along path 1 from 
p to p’ in Fig. 108 is not the same as the line integral of the 
magnetic-potential slope along path 2 from p to p’. 


124. Potential of a vector field—Consider any distributed vec- 
tor &. Then the “height” at each point of space of an imagined 
“hill” whose slope or gradient is everywhere equal to R is called 
the potential of R. Thus the temperature at each point of a 
body is the “height” at that point of a hill whose slope is every- 
where equal to the temperature gradient, therefore temperature 
is the potential of temperature gradient. The “height” in volts 
at each point of space of an imagined “hill” whose slope is every- 
where equal to the electric field intensity (in volts per centimeter) 
is called electric potential. The “height” at each point of space 
of an imagined “hill”? whose slope is everywhere equal to the 
velocity of a moving fluid is called the velocity potential of the fluid. 

The temperature at a point of a body can of course be deter- 
mined by placing a thermometer at that point. That is, tempera- 
ture is an actual physical condition. The electric potential at 
a point, however, is not an actual measurable physical condition 
at that point; indeed electric potential exists only in the imagi- 
nation as a sort of mathematical fiction whose usefulness grows 
out of the fact that it is often very helpful to think of a given 
vector field as a gradient. An example showing the usefulness 
~ of the idea of potential is given in Art. 133. 


Theorem as to the existence of potential—Let y be a distri- 
buted scalar, like temperature. Then the component gradients 
of y are given by equation (1), (2) and (3) of Art. 119. Differ- 
entiating the first of these equations with respect to y and the 
second with respect to x we have: 


ay dX (1) 


dy-dx dy 


16 
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and - i 
Ree 2 
dx: dy dz 2) 
ay ay ‘ , : 
But Tieads and ee are always identical as stated in 


Art. 59 and as demonstrated in Art. 134. Therefore from equa- 
tions (1) and (2) we have: 
dX  4dY 


dy dx 
Dg alte. 


dy dx (3) 


or 


Similarly from equations (2) and (8) of Art. 119, we obtain: 


dY dZ 


and from equations (1) and (8), we obtain: 


da da. (5) 

In these equations (3), (4) and (5) X, Y and Z are the com- 
ponent gradients of any scalar function y, and any distributed 
vector whose components satisfy equations (3), (4) and (5) can have 
- a potential, or, in other words, any distributed vector whose com- 


ponents satisfy (3), (4) and (5) can be looked upon as the gradient 
of an imagined “hill.” 


Multivalued potential—The auger-hill which is represented in 
Fig. 107 has a multiplicity of heights above any point p. Similarly 
the magnetic-potential in Fig. 108 has a multiplicity of values at 
any point p. Of course the “height” of the potential ‘hill” 
in Fig. 108 may be thought of as an actual height measured 
upward from the plane of the paper; but one must not forget that 
the magnetic field under consideration fills all space, and that 
there is a multiplicity of values of magnetic potential at each 
point in space. See Art. 66. 
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125. Surface integral of a distributed vector. Flux.— 
Let AOOB, Fig. 109, be a diaphragm stretching across a closed 
loop of wire, the dots A and B_ being where the wire passes 
through the plane of the paper. Let AS be the area of an ele- 


Fig. 109. Fig. 110. 


ment of the diaphragm, let R be the value at AS of a distributed 
vector, and let « be the angle between R and the normal to AS 
this normal being always drawn outward from the same side OO 
of the diaphragm. Then R cos « is the resolved part of R normal 
“to AS, and R cose - AS is the scalar part of R- AS; and: 


@= { Reose- dS (1) 


is called the surface integral of R over the portion of the diaphragm 
_-over which the integration is extended. 

If the normal to AS in Fig. 109 is reversed, as shown in Fig 
110, then cose will be reversed in sign, and the surface integral, 
retaining its numerical value, will be reversed in sign. 

In the integration over a closed surface like a box or sphere, 
the normal is understood, throughout the following discussion, 
to be drawn outwards. 

Examples.—If R in Fig. 109 is the velocity of a fluid at AS, 
then R cose is the resolved part of the velocity normal to AS, 
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Reose-AS is the volume of fluid per second flowing across 
AS, and i Reose+ dS is the total volume of fluid per second 
flowing through the loop of wire AB. The volume of fluid per 
second passing through a loop is called the fluz of the fluid through 
the loop, and the surface integral of any distributed vector over a 
surface is called the flux of the vector across the surface. Thus 
magnetic flux is the surface integral of magnetic field and electric 
flux is the surface integral of electric field. 

The surface integral of a distributed vector over a closed surface 
like a box or sphere is called the flux into or out of the region 
enclosed by the box or sphere. 


Cartesian expression for surface integral—Let X, Y and Z 
be the components of the vector R in Fig. 109, and let da, db 
and dc be the areas of the projections of dS onthe yz, on the 
xz, and onthe zy planes, respectively. Then: 


. R=X+Y+dZ (a vector equation) (2) 
an 
dS = da+db+dc (a vector equation) (3) 


The scalar part of the product R- dS is 
X:dat+tY-db+2Z-dce(=R cose- dS). 


But the shapes of the surface elements da, db and dc may be 
anything whatever. Therefore we may write dy+-dz for da, 
da - dz for db, and dx - dy for de. Hence equation (1) becomes: 


b= ff (X-dy-d+Y¥-de-de+Z-de-dy) (4) 


126. Divergence of a distributed vector.—In some cases a dis- 
tributed vector “flows” outwards or emanates from a region of 
space. Thus the liquid in a tank flows outwards from the end 
of a supply pipe. When a gas is expanding each portion of the 
gas is growing less dense and there is an outward flow from every 
small part of the region occupied by the expanding gas. What is 
called electric field emanates from electrically charged bodies, 
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and when electric charge is spread throughout a region, electric 
field emanates from every small part of the region occupied by 
the charge. 

Consider a small volume element Az in the neighborhood of a 
point p ina vector field. Let A® be the flux of the distributed 
vector Fk out of the volume element Ar. It can be shown,* 
when # is a continuous function of the codrdinates x, y and 2, 

ee AP ; Cee 
that the ratio ie approaches a definite limiting value as the 
volume element Az grows smaller and smaller. This limiting 


d® . : . 
value, i 8 called the divergence of the vector field at the point p. 


Therefore, representing the divergence of a vector field at a point 


by p, we have: 
db =p:dr (1) 


in which d® is the flux of R coming out of the volume element dr. 
When a vector field flows into each small part of a region, the 
divergence is negative. Negative divergence is sometimes called 
convergence. 
The flux ® of a vector field across a surface is a scalar quantity, 
as is evident from the discussion of equation (1) of Art. 125. 


Also volume is a scalar quantity. Therefore divergence (=) 


is a scalar quantity; and since a vector field has a definite diver- 
gence at each point (of course the divergence may be zero) of 
_ space, it is evident that the divergence of a vector function (a 
distributed vector) is a scalar function (a distributed scalar). 


Cartesian expression for divergence.—Consider a small cube of 
which the edges are dz, dy and dz as shown in Fig. 111. Let 


X,Y and Z be the components of the given distributed vector R 
* The actual proof that < has a definite limiting value may be estab- 
lished without great difficulty by considering the portion vo’ of the linear 


vector field in Art. 133. 
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at the point p. Then the flux of R into the cube across the 
face a is X - dy- dz, because X is the component of R normal 
to the face a and dy~dz is the area of face a. If X is the 


z-component of R at any point of the face a, then (x + ax . ac) 


is the z-component of R at the corresponding point of the face }, 
and if X - dy- dz is the flux into the cube across face a then 


(x + - . as ) - dy - dz is the flux out of the cube across face b.* 
Therefore the flux of R out of the cube across face 6 exceeds the 
flux of R into the cube across face a by the amount ee -dx-dy-dz. 


In the same manner it may be shown that the net flux of R out of 
the cube across the two faces which are perpendicular to the y-axis 


NA 
is es - dx + dy + dz; and that the net flux out of the cube across 


the two faces which are perpendicular to the z-axis is ae -dx-dy-dz. 


dz 
Therefore the total flux out of the cube is: 
UX GY eur 


*The argument here given is not entirely rigorous, and the peculiar 
wording of this sentence is intended to suggest a form of argument which is 
rigorous. 
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But dx - dy - dz isthe volume dr of the cube. Therefore, using 
equation (1) we have: 


dx ' dy ' dz (3) 


PROBLEMS. 


1. All space is filled with a fluid moving parallel to the z-axis 
of reference at a uniform velocity of 10 centimeters per second. 
Find an expression for the velocity potential of the fluid. Ans. 
y = 10x + any constant. 

2. The velocity components of a moving fluid parallel to the 
axes of reference are everywhere equal to a,b and c respectively. 
Find the velocity potential. Ans. y = ax + by + cz + any con- 
stant. 

3. The velocity components of a fluid parallel to the axes of 
reference are az, by and cz, respectively. Find the velocity 
potential. Ans. y = aa? + 4by? + $cz? + any constant. 

4. A viscous fluid flowing over a plane has a velocity which is 
everywhere given by the equation X = ay as shown in Fig. p4. 
Show that no velocity potential exists. 


-ce> 


Fig. p4. 


5. A vessel of water rotates uniformly at a speed of two revo- 
lutions per second about a vertical axis (the z-axis). Derive 
expressions for the velocity components of the moving water and 
show that the velocity has no potential. 

6. Liquid flows over an infinite plane towards a circular spot 
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x 


20 centimeters in radius where the liquid leaks through the plane 
at the rate of two cubic centimeters per second for each square 
centimeter of the leaky portion of the plane. The depth of the 
liquid is everywhere 10 centimeters. Choose the x and y-axes 
of reference in the plane with the origin at the center of the leaky 
portion, and derive expressions for the «z and y-components of 
the fluid velocity in the region over the leaky portion. Ans. z- 
z 
component = io’ 

Note.—In this and the following problems consider only the horizontal 
part of the motion and assume the velocity to be the same from top to bottom 
of the liquid. 

7. Find an expression for the velocity potential in the region 

ety 
20 

8. Derive expressions for the w and y components of the 

fluid velocity in the region outside of the leaky portion. Ans. 2- 
40x 
ety? 

9. Find an expression for the velocity potential in the region ~ 
outside of the leaky portion. Ans. 20 log, (a? + y?) + any constant. 

10. Determine the constants of integration involved in the 
answers to problems 7 and 9 on the assumption that the velocity 
potential is zero at the edge of the leaky spot. Ans. (a) — 20, 
(b) — 20 log. 400. 

11. A straight “fence” 20 centimeters long and 10 centimeters 
high is placed in the layer of moving liquid on the plane in 
problem 6. Find the surface integral of the fluid velocity over 
the fence (a) when the ends of the fence are at a distance of V¥125 
centimeters from the center of the leaky spot, and (b) when the 
ends of the fence are ¥1,000 centimeters from the center of the 
leaky spot. Ans. (a) 100 cubic centimeters per second, (b) 800 
tan! 0.333 cubic centimeters per second. 

12. Find the divergence of the fluid velocity in problem 6 (a) 
over the leaky spot and (0) in the region outside of the leaky spot. 


over the leaky portion. Ans. 


+ any constant. 


component = 
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Ans. (a) 0.2 cubic centimeter per second per cubic centimeter, (0) 
zero. 

13. Find the divergence of the fluid velocity specified in prob- 
lem 3. Ans.a+b+e. 

14. One end of a rubber band is fixed, and the band is stretched 
by moving the other end of the band at a velocity of 2 centimeters 
per second. The band is 24 centimeters long at a given instant, 
Find the divergence of v where v is the distributed velocity of 
the band. Assume that the band does not contract laterally. Ans. 
0.0833 cubic centimeters per second per cubic centimeter. 

15. Find the distribution of pressure in a tank of water rotating 
at a speed of one revolution per second (w = 2a radians per 
second), the density of water being 62.5 pounds per cubic foot. 
Ans. p = 123.3 r? where p is the pressure in poundals per square 
foot at a point r feet from the axis of rotation. 


Note.—Consider an element of the rotating liquid as indicated by the 
shaded area in Fig. p15, the dimen- 
sion perpendicular to the plane of the 
paper being 1. The area of side a is 
lr . dO and the outward push on a is 
plr . dé. The area of the side b is 
l(r + dr) . d0, and the pressure at this 
face is (p +dp); therefore, dropping 
infinitesimals of the third order, the 
force pushing inwards on face 6 is plr Lge 
.d0+ pl-dr.dd+lr.pd.dd. The rotating liquid 
area of faces c and e is 1.dr and 
the pressure over these faces may be red Ie ai 
considered asequal to p; therefore the 
normal forces on faces c and e are 
pl.dr asshown. The outward compo- Fig. p15. 
nent of these two forces, according to 


ree S 1s is eae Pee eniine infinitesimala of the third order), 


Therefore the net inward force due to pressure acting on the element of liquid 
is Ir . dp . do, and this must be equal to the product of the mass Dir . dé . dr 
of the element of liquid and its radial acceleration wr. 


16. Find the expressions for the pressure gradients in the 
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rotating liquid of problem 15 in the directions of x and y axes 
lying in a plane at right angles to the axis of rotation. Ans. 
X = 246.62, Y = 246.6y. 

17. Find the divergence of the pressure gradient in the rotating 
fluid of problem 15. Ans. 493.2. 


127. Reduction of a surface integral over a closed surface to a 
volume integral extended throughout the enclosed region.— 
A very important transformation in the theory of electricity and 
magnetism is the reduction of a surface integral to a volume 
integral or vice versa. Let R_ be a distributed vector, and let 
us consider its surface integral over a closed surface (normal 
directed outwards). Imagine the entire enclosed region to be 
broken up into small cells like the individual bubbles in a mass of 
foam. Then the integral of R over the bounding surface of the region 
is equal to the sum of the integrals of R over the bounding surfaces of 
the indwidual cells (normal directed outwards in each case). This 
proposition is evident when we consider that every wall which 
separates two cells is integrated over twice with directions of 
normal opposite (see Art. 125), so that the surface integrals over 
dividing walls are thus cancelled. The only surface integrals 
which are not thus cancelled are the integrals over the parts of 
the surface which bounds the region. 

Let d® be the surface integral over one of the cells (the flux 
of R out of the cell), and let f Recose+dS be the surface 
integral of R over the bounding surface of the enclosed region. 
Then from the above proposition we have: 


Roose dS = fas (1) 


But db =p-+dr according to equation (1) of Art. 126, so that 
equation (1) becomes: 


JR cos e+ dS = fp+ dr (2) 


This equation may be expressed in words as follows: The integral 
of a distributed vector R over a closed surface is equal to the integral 
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of the divergence of R throughout the enclosed region. The first 
member of (2) is of course a surface integral and the second: 
member is a volume integral. 


128. Solenoidal vector fields——A vector field is said to be 
solenoidal when its divergence is everywhere zero. The surface 
integral of such a vector field over any closed surface is zero 
according to equation (2) of Art. 127. 


Tube of flow.—Imagine stream lines to be drawn in a vector 
field from each point of the periphery of a closed curve or loop. 
These stream lines form a tubular surface which is called a tube 
of flow of the given distributed vector. Consider a number of 
diaphragms which stretch across a tube of flow. The flux is the 
same across each diaphragm. This is evident when we consider 
that any two diaphragms, together with the walls of the tube, 
constitute a closed surface out of which the total flux must be 
zero because the distributed vector under consideration is assumed 
to be solenoidal; but the flux across the walls of the tube is zero 
because the vector field is everywhere parallel to the walls. There- 
fore the flux into the enclosed space across one diaphragm must 
be equal to the flux out of the enclosed space across the other 
diaphragm. 

Unit tube.—A tube of flow is called a unit tube when the flux 
through the tube is unity. Thus, for example, a unit tube has a 
sectional area of 0.1 of a square inch at a point in a moving fluid 
where the velocity of the fluid is 10 inches per second. A unit 
tube has a sectional area of 0.1 of a square centimeter at a point 
in a magnetic field where the intensity of the field is 10 gausses. 
Imagine the solenoidal region of a distributed vector to be divided 
up into unit tubes. Then the flux across any surface anywhere 
in the region will be equal to the number of these unit tubes which 
pass through the surface. Each unit tube may be conveniently 
represented in imagination by the single stream line along the axis 
of the tube. When stream lines are drawn in this way, so that 
each stream line represents a unit tube, then the flux across any 
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surface in the vector field is equal to the number of stream lines - 
which pass through the surface. The lines of force in a magnetic 
or electric field are always thought of as being drawn so that each 
line represents a unit tube, and the quantity of magnetic flux or 
electric flux through a surface is expressed by the number of lines 
of force which pass through the surface. 


129. Curl of a distributed vector—In Art. 126 examples were 
given of vector fields which emanate or “flow out” from a region 
or from every small part of a region. There are important cases 
in which a vector field curls round a region or round every small 
part of aregion. Thus the stream lines in a rotating bowl of water 
curl round the central portions of the bowl. The magnetic field 
due to an electric wire curls round the wire. The electric field 
induced by an iron rod while the rod is being magnetized curls 
round the rod. 

Consider a small plane area AS ata point p in a vector field. 
‘Let AL be the line integral of the distributed vector R round the 
boundary of this element of area. It can be shown,* when RF is 
a continuous function of the codrdinates z, y and z, that the 


PL. Ce cere coe 
ratio AS approaches a definite limiting value as the element 


of area AS grows smaller and smaller. This limiting value, i 
is the component of a new vectort C in the direction of the normal 
to dS, and this new vector C is called the curl of the given 


vector R at the point p. From this definition we have: 
dL = C cose: dS (1) 
where dL is the line integral of R round the boundary of a 


AL 
* The actual proof that ING approaches a definite limiting value may be 


established without great difficulty by considering the part v’ of the linear 
vector field in Art. 183; see Art. 135. 
+See Art. 135. 
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small plane element of area dS, C is the curl of R at the element 
of area, and ¢ is the angle between C and the normal to dS. 


Example of curl—Consider a uniformly rotating bowl of water, 
the speed of rotation being w radians per second. Consider the 
character of the fluid motion in the immediate neighborhood of 
the point p distant D from the axis of rotation of the bowl as 
shown in Fig. 112. The motion of a small portion of the water 
near p may be thought of as a combination of (1) A motion of 
translation at velocity Dw, and (b) A simple motion of rotation 
at a speed of w radians per second about an axis through the 
point p.* Now in considering the line integral of the fluid 
velocity around the circle cc, the motion of translation evidently 
need not be considered. Let r_ be the radius of the circle cc. 
The velocity of the fluid at every point of the circumference of cc 
(rotatory motion only being considered) is wr and it is everywhere 
in the direction of the circumference. There- 
fore the angle e is zero and the expression 
for the line integral around the circle reduces aN Wy 
to circumference X wr. Therefore AL = (2) 
2rr’w, where AL is the line integral of the D/ 
fluid velocity around the circle cc. But the Za 
area of the circle is dS = zr’. Therefore from Con of rotation, 
equation (1) we get: C = 2w. That is, the of bowl 
curl of the fluid velocity in the rotating bowl is Fig. 112. 
equal to two times the speed of the bowl in radi- 
ans per second; and since the expression for C doesnot contain D 
it is evident that C has the same value everywhere in the bowl. 

Now the angular velocity w of the bowl is a vector and its 
vector direction is parallel to the axis of rotation and towards the 
reader in Fig. 112. Therefore C’ is a vector, and it is towards the 
reader at every point in Fig. 112. The “stream lines” of the 
vector C are straight lines parallel to the axis of rotation of the 
bowl. 


*See Franklin and MacNutt’s Mechanics and Heat, pages 174-175, The 
Macmillan Co., New York, 1910, 


c 
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Cartesian expression for curl—Consider a small rectangular 
plane area of which the edges are dy and dz, as shown in Figs. 
113 and 114. Let X,Y and Z be the components at p of the 


Fig. 118. Fig. 114. 


given distributed vector R. To find the line integral of R around 
the small rectangle in the direction of the small curved arrow, let 
us consider first the two edges a and 6 in Fig. 113. The line 
integral along the edge a is — Y - dy because the component Y 
is counter to the direction of the small curved arrow. If Y is 
the y-component of R at any point of the edge a, then the 
y-component of FR at the corresponding point of the edge b 
being a - dz greater, is equal to Y + a - dz; and if the line 
integral of R along edge a is — Y + dy, then the line integral 


of R along the edge 6 is + (y + ode) -dy.* Therefore the 


net value of the line integral along the two edges a and 6 is 


ie ‘dy +dz. In the same way it may be shown from Fig. 114 


that the net line integral (in the direction of the small curved 
arrow) along the edges e and f is — a - dy - dz. Therefore 
* The argument here given is not entirely rigorous, and the peculiar wording 


of this sentence is intended to suggest a slightly modified argument which is 
rigorous. 
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the total line integral dZ of R around the small rectangle is: 


a ay) was (2) 


But dy - dz is the area dS of the rectangle. Therefore using 
equation (1) and remembering that the z-component of the curl 
is at right angles to the rectangle in Figs. 113 and 114, we have: 


adY =dZ 


In a similar manner we may get: 


daZ dx 
Cy = ae (4) 
and 
Xa ay 


where C,,C, and C, are respectively the z, y and z com- 
ponents of the curl of the distributed vector R whose x, y and z 
components are X, Y and Z respectively. 


The curl of a gradient is necessarily equal to zero.— This is 
evident when we consider that equations (8), (4) and (5) of Art. 
124 are satisfied in a vector field when the vector is a gradient. 


130. Reduction of a line integral around a closed loop to a 
surface integral over a diaphragm bounded by the loop.—A very 
important transformation in the theory of electricity and mag- 
netism is the transformation of a line integral to a surface integral 
or vice versa. Let R be a distributed vector, and let us consider 
its line integral around a closed eurve or loop AB, Fig. 115, the 
heavy arrow showing the direction in which the line integral is 
taken. Imagine a diaphragm of any shape whatever stretched 
across the loop AB, and imagine this diaphragm to be divided 
up into small meshes as if the diaphragm were made of wire 
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gauze. Then the integral of R round the loop AB is equal to 
the sum of the integrals of R round the individual meshes of the 
diaphragm, the integrals round the meshes being taken in the 
same direction as the integral round 
the loop as indicated by the small 
curled arrows. This proposition is 
evident when we consider that every 
line dividing two meshes is inte- 
grated over twice in opposite direc- 
tions (see Art. 123), and when we 
consider that in integrating round 
the various meshes we eventually 
integrate along every portion of the 
loop AB once in the direction of the heavy arrow in Fig. 115. 

Let dZ be the line integral of R round one of the meshes, 
and let f Rcose-ds be the line integral of R round the loop 
AB. Then from the above proposition we have: ; 


f Roose-ds = f aL (1) 


But dL = C cose- dS, according to equation (1) of Art. 129, so 
that equation (1) becomes: 


J Roose+ ds = f[ Ccose- dS (2) 


This equation may be expressed in words as follows: The integral 
of a distributed vector R round a closed loop is equal to the integral 
of the curl of Kk over any diaphragm stretched across the loop. The 
first member of (2) is of course a line integral and the second 
member is a surface integral. 


The divergence of the curl of a distributed vector is always and 
everywhere equal to zero.—Consider two diaphragms stretched 
across a closed loop. The integral_of C is the same over both of 
these diaphragms because each surface integral is equal to the 
line integral of R round the loop. If the direction of the normal 
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be reversed in the integral over one of the diaphragms the integral 
will be reversed in sign (see Art. 125). Therefore the surface 
integral of C over a closed surface, namely, the two diaphragms, 
with normal directed outwards, is equal to zero. Thatis C isa 
vector whose flux out of or into a closed surface is always equal to 
zero. Therefore C is a solenoidal vector and its divergence is 
everywhere zero. See Art. 127. 


131. Vector potential—Let us imagine a distributed vector of 
which a given distributed vector is the curl. Then the imagined 
distributed vector is called the vector potential of the given distri- 
buted vector. The divergence of a curl is always and everywhere 
necessarily equal to zero, as explained in the previous article. 
Therefore, to have a vector potential, a given distributed vector 
must have no divergence. But = + nae + pee is the divergence 

dx dy dz 
of a distributed vector whose components at a point are X, Y 
and Z, according to equation (3) of Art. 126. Therefore the 
existence of a vector potential (of a given distributed vector) is 
determined by the condition: 


GX? Oat (a2 
where X, Y and Z are the components at a point of the given 
distributed vector. 


Example.—In certain cases of fluid motion each particle of the 
_ fluid is rotating at a definite speed about a definite axis. This 
spinning motion of the particles of a fluid is a distributed vector* 
and it is called vortex motion. Now it was shown in Art. 129, 
that the curl of the velocity of the water at a point p in a rotating 
bowl is equal to two times the spin velocity w of the particle of 
water at p. That is, ignoring the factor 2, the curl of fluid velocity 

* Spin is a vector quantity, its vector direction being along the axis of 
spin in the direction in which a right-handed screw would travel if turned in 


the direction of the spin. 
aw 
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is the vortex motion; therefore the vortex motion of a fluid is a 
distributed vector whose vector potential is the fluid velocity. 
In this case the vector potential (of vortex motion) is physically 
existent; in general, however, the vector potential of a given 
distributed vector is merely imagined to exist. The idea of vector 
potential is useful because it is sometimes helpful to think of a 
given distributed vector as a curl. 


132. Rotational and irrotational vector fields. Vector potential 
and scalar potential—When the velocity of a moving fluid has 
curl the particles of the fluid are in rotation. In consequence of 
this fact any vector field which has curl is called a rotational vector 
field. A vector field which has no curl is called an irrotational 
vector field. 

In an irrotational vector field equations (3), (4) and (5) of 
Art. 129 reduce to equations (3), (4) and (5) of Art. 124. There- 
fore an irrotational vector field can be thought of as a gradient, 
or, in other words, an irrotational vector field has a potential (a 
scalar potential). 

In a rotational vector field equations (3), (4) and (5) of Art. 124 
are not satisfied, and therefore a rotational vector field cannot be 
thought of as a gradient, or, in other words, a rotational vector 
field has no potential (no scalar potential). 

A vector field which has no divergence is called a solenoidal vector 
field, and a solenoidal vector field can be thought of as a curl, or, 
in other words, a solenoidal vector field has a vector potential. 

A vector field which has divergence is called a non-solenoidal 
vector field, and such a vector field cannot be thought of as a 
curl, or, in other words, a non-solenoidal vector field has no vector 
potential. 


PROBLEMS. 


1. A viscous liquid moves over the ay plane so that X = az. 
Find the curl. Ans: — a. 

2. Find the vector potential of fluid velocity when the fluid 
is everywhere moving in the direction of the z-axis at a velocity 
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of + 100 centimeters per second. Ans. 100z centimeters squared 
per second squared. 


Note.—A distributed vector which has neither divergence nor curl in a 
given region may have a scalar potential and it may have a vector potential. 


133. Character of a very small portion of any vector field— 
Let X,Y and Z be the components of any distributed vector v 
at a point p whose codrdinates are x, y and z. Then X, Y 
and Z are functions of xz, y and z, and indeed we will assume 
them to be continuous functions. If one is to reach a clear 
understanding of divergence and curl it is necessary to examine 
carefully into the manner of distribution of v in a very small 
region near a chosen point. It is most convenient to locate the 
origin of codrdinates at the chosen point. Then the codrdinates 
x,y and z of any point in the very small region are infinitesimals, 
and the squares and products and higher powers of z, y and 
are negligible. 

Now the components X, Y and Z being continuous functions 
of x,y and z can be expanded by Maclaurin’s theorem as ex- 
plained in Art. 90, and all terms in these expansions which contain 
squares and products and higher powers of x, y and z may be 
discarded, giving: 


X = Xot aw + ay + ase (1) 

Y = Yo bit + boy + bsz (2) 
and 

Z=Zotew + coy + cs2 (3) 


in which the constant coefficients are the values of the derivatives 
at the origin, as shown in the following schedule: 


iawn ax ax 
ay = dk ag = dy <= dz 
dY adY a dY 
TR ahr pe Sy b3 = pe (I) 
adZ aZ dZ 


ao ps a, Rr 
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The “linear” vector field——The simplest type of vector field - 
is the homogeneous field; in such a field X has the same value 
throughout the field, Y has the same value throughout the field, 
and Z has the same value throughout the field. When X, Y 
and Z are linear functions of z, y and z we have what is called 
a linear vector field. Thus equations (1), (2) and (3) represent 
a linear vector field. 


Resolution of a linear vector field into simple parts.—The dis- 
cussion of divergence and curl in Arts. 126 and 129 is not rigorous, 
and, as is always the case in a merely plausible discussion, the 
harder one tries to understand it the more vague and unintelligible 
it becomes. It is now proposed, therefore, to establish rigorously 
the ideas of divergence and curl by considering a linear vector 
field as expressed by equations (1), (2) and (8). For this purpose 
it is necessary to resolve the given linear vector field into three 
parts, and to be able to speak of these parts intelligibly let us 
think of the given linear vector field as the velocity v of a moving 
fluid, the components of » being X, Y and Z as given in equa- 
tions (1), (2) and (3). The three parts into which v is to be 
resolved are: 

1. A uniform translatory motion of the entire body of fluid. 
This part of v will be represented by vo and its components are 
Xo, Yo and Zp. 

2. A simple .motion of rotation of the entire body of fluid. 
This part of v will be represented by v’ and its components will 
be represented by X’, Y’ and Z’. 

3. A continuous stretching of the entire body of fluid in three 
mutually perpendicular directions. This part of v will be repre- 


sented by v’’ and its components will be represented by X”, 
Veen Zine 


Discussion of v’-—Consider a rotating body of which the axis 
of rotation passes through the origin of codrdinates, and let wz, 
w, and , be the components of the angular velocity of the 
body around the x, y and z axes of reference, respectively. 


VECTOR ANALYSIS. 245 


Consider a point p of the body of which the codrdinates are 
x,y and z as indicated in Figs. 116, 117 and 118. The velocity 


Fig. 116. Fig. 117. Fig. 118. 


of p due to w, consists of two components yw, and — Zw, as 
indicated in Fig. 116, and similar statements may be made con- 
cerning Figs. 117 and 118. Therefore, picking out the z-compo- 
nents of the velocity of p in Figs. 117 and 118, we get the value 
of X’, and in a similar manner we get expressions for Y’ and Z’ 
as follows: 


X’ = +++ —wy +o, (4) 
Y=+0.24°-:' —wx (5) 
Ul = — wet oy (6) 


The values of w:, w, and w-, expressed in terms of the coefficients 
in equations (1), (2) and (8), can best be determined after the 
_ expressions for v’”’ have been formulated. 


Discussion of v’’.—As in case of v’ it is necessary to find the 
forms of expressions which give xX”, Y’” and Z”. For this 
purpose consider three mutually perpendicular axes of reference 
21, yi and z;. Then a continuous stretch of the portion of fluid 
parallel to the x:-axis is represented by the equation X1 = am, 
where Xj is a velocity parallel to the z;-axis and a is a constant. 
Analogous expressions using 6 and y as constants represent 
continuous stretches parallel to the y; and 2, axes. Therefore 
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continuous stretches in three mutually perpendicular directions 
(which directions are for the moment chosen as the axes of refer- 
ence) are expressed by the equations: 


XG = ar (7) 

Y, = By (8) 
and 

Z1 = 21 (9) 


It is desired to transform these equations so as to express 
exactly the same fluid motion, but to express it by giving the com- 
ponents of v’” paralleltonewaxes x,y and z, andas functions 
of the new coédrdinates z,y and z. This transformation is enorm- 
ously simplified by expressing the given fluid motion [equations 
(7), (8) and (9)] in terms of its velocity potential P, which is a 


distributed scalar whose 21-gradient is - = avi, whose yi-gradi- 
1 


ent is i, = By, and whose z,-gradient is oe =z. Integrating 
1 1 

these three differential equations and ignoring the constant* of 

integration we get: 


P = foxy + $By? + dre? (10) 


Now to transform equations (7), (8) and (9) as stated above we 
need only to substitute in equation (10) the following values 
for %1,y1 and 2, [see equations (11), (12) and (138)], and then 
find the gradients of P in the directions of the new axes. In 
this way we get equations (14), (15) and (16). 


M11 = lw + MY 4- Nye (11) 
Y1 = lee + moy + noe (12) 
4 = lex 4 Ms3Y + N3z (13) 


where 1; m1 11, lz m2 N2 and 13 m3 n3 are the direction cosines of 


* The three equations are partial differential equations, but the functions 
of integration reduce to a single undetermined constant. 
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the new x,y and z axes referred to the old 21, yi and 2 axes. 


X" = fe + py t+ a (14) 
Y" = px + gy + rz (15) 
Z" = qetryt+hz (16) 


The coefficients in these equations are of course expressions involv- 
ing a, 6 and y and the direction cosines in equations (11), (12) 
and (13), but they are represented by the single letters f, g, h, 
p,q and r for the sake of clearness. Anyway, the only im- 
portant feature about equations (14), (15), and (16) is the sym- 
metry of the coefficien s which means that X”’, Y” and Z’’ are the 
components of a fluid motion consisting of three continuous 
mutually perpendicular stretches, because this degree of symmetry 
is the only necessary consequence of equations (7), (8) and (9). 


Determination of coefficients in equations (4), (5) and (6) and 
in equations (14), (15) and (16) in terms of the coefficients in 
equations (1), (2) and (3).—Equations (4), (5) and (6) and (14), 
(15) and (16) show only the degree of symmetry that the co- 
efficients must have in order that equations (4), (5) and (6) may 
represent a simple rotation and in order that equations (14), 
(15) and (16) may represent three continuous mutually perpendicu- 
lar stretches, and the coefficients in equations (4), (5) and (6) 
and (14), (15) and (16) may be thought of as undetermined. 
It remains to determine these coefficients wz, wy, wz, f, 9, h, p, q 
and r, so that vo, v’ and v’ may be component parts of the 
given fluid velocity » which is represented by equations (1), 
(2) and (3). To do this add equations (4) and (14) and place the 
coefficients of z, y and z in the resulting equations equal to the 
coefficients of xz, y and z, respectively, in equation (1); and 
proceed in a similar manner with the other pairs of equations. 
In this way we get the following schedule of equations: 


f=aqa (0) So == Up Q + Wy = a3 
ptw,= bi g = be r — w, = b3 (II) 
CO y = C1 r+ wz = Ce h = ¢s 
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from which we get the following values: 
Wz = ¥(c2 — bs) 
Wy = ¥(a3 — C1) 
w2 = 3(b1 — a2) 


Or, using the values of 41, d2, a3, 1, be, ete., from the schedule I 
of equations, we have: 


Aes an) 
20, = 2S (18) 
20, = = a (19) 

and from equations II we get also: 
a (20) 
9-5 (21) 
n- Ze (22) 
ae (F a8 a) (23) 
T= (= ar ") (24) 
(= F aa) (25) 

PROBLEMS. 


1. Find the flux of v” out of a rectangular parallelopiped 
which is J feet long in the direction of the x-axis, w feet wide 
in the direction of the y;-axis, and ¢ feet thick in the direction 
of the z:-axis, the constants in equations (7), (8) and (9) being 


expressed in reciprocal seconds. Ans. lwt(a + 8 + 7) cubic feet 
per second. 
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2. Find the divergence of v’’. Ans. a+B+y. 


Note.—It is here intended that the student find the flux ® which comes 
out of a given volume 7, and then determine the limit of 2 as t approaches 
Ti 


zero. Itis simplest to take for + the rectangular parallelopiped of problem 1. 


3. Show that the integral of v’’ around any closed curve what- 
ever is zero. 


Note.—Choose the axes of reference as in equations (7), (8) and (9). Let 
ds be an element of the closed path or curve. Then the scalar part of the 
product v” . ds can easily be found, and it is easy to show that the integral 
of this scalar product around the closed curve is zero. 


4. It is evident that the velocity v’, which is a simple motion 
of rotation, has zero flux into or out of any closed region whatever. 
Therefore the divergence of v’ is everywhere equal to zero. Find 
the line integral of v’ around the ellipse of Fig. 122, the radius 
of the cylinder being r, the axis of the cylinder being parallel to 
the axis of rotation of the fluid, and the angular velocity of rotation 
being w. Ans. 277?w. 

d’z az 

134. Proof that ods and aeeeay 
a continuous function of x and y—This proposition may be 
stated so as to appeal to one’s geometric sense as follows: Let z 
be a function of x and y and let this function be represented 
by a hill built upon the zy plane. Then z is the height of this 
hill above the point p’ in the base plane, x and y being the 
coérdinates of p’ as shown in Figs. 41a and 416 in Art. 62. Let 


are identical when z is 


xX ( =% ) be the x-component of the slope of the hill at the point p 


(see Figs. 41a and 41b), and let (= =) be the y-component 


of the slope of the hill at p. 
Figs. 119 and 120 represent a top view of the hill. Let dz be 


the difference of level of the points p and q on the hill in Figs. 
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119 and 120. Let us travel from p to q along the sides a and b 


+d 


Fig. 119. Fig. 120. 


of the infinitesimal square, and the rise will be: 
dz= X-dzr+ (y + Sr - az) - dy 


Let us travel from p to q along the sides c and e of the in- 
finitesimal square, and the rise will be: 


de = ¥ - dy + (K+ - ay) - dx 
Now if z isa continuous function of « and y these two expressions 


for dz must be identical, that is, one must rise by the same amount 
in going along a and 6b asin going along c¢ and e in Figs. 119 


and 120. Therefore Be must be equal to Lee But X = be 
dx dy dx 
_ dz Pz az 
and Y = ae Therefore ands must be equal to ae 


The above argument is not entirely rigorous but it brings out very clearly 
the geometrical significance of equations (8), (4) and (5) of Art. 124. To 
make the argument rigorous a slightly altered point of view suffices, as follows: 
The gradient of the hill at any point in the side e of the infinitesimal square 


exceeds the gradient at the corresponding point in the side a by the amount 
dX é 
ae dy, so that the rise along e exceeds the rise along a by the amount 
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dX 


ee ay) - dz. Similarly the rise along side 6 exceeds the rise along side c 


by the amount (] . ax) - dy. Therefore the rise along sides c and e 


exceeds the rise along a and b by the amount (+ =) -ax-dy. But 


the rise along c and d must be the same as the rise along a and b. There- 


ax dY 
fore ey aaas must be equal to zero. 


135. To show that is the resolved part of a vector (the 


curl of R) in a direction normal to dS, where dL is the line integral 
of R around the boundary of a surface element dS.—It can be 
shown without difficulty that the two parts v9 and v” of the 
linear vector field v of Art. 183 have zero line integrals around 
any closed curve. Furthermore any distributed vector R may 
be looked upon as having a linear distribution throughout a 
very small region. Therefore to establish the above proposition 
it is sufficient to consider the portion v’ of a linear vector field. 
Now v’ is a simple motion of rotation about a definite axis. 
Let w be the angular velocity of this rotation. The line integral 
of v’ around the circle cc in Fig. 121 is equal to 2m7r?w, so that 


=< / 
normal to ast As 


Fig. 121. Fig. 122. 


the line integral divided by the area of the circle is equal to 2a, 
as explained in Art. 129. Consider a cylindrical surface of which 
the end view is the circle cc in Fig. 121. A side view of this 
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cylinder is shown in Fig. 122. Let dS be the area of an oblique 
plane section of the cylinder. Let dL be the line integral of 
vy’ around the boundary of dS. It can be shown without difficulty 


2 
that dL is equal to 27r’w. But the area of dS is = 5° There- 


fore a is equal to 2w cos 6. That is, 2 is a vector whose 


component in the direction of the normal to dS is equal to a. 

136. The distortion of a small portion a body which has been 
twisted or bent in any manner whatever.—Consider a particle p 
of an unbent beam. Imagine the beam to be bent or twisted in 
any manner whatever, and let v be a line drawn from p to p’, 
where p’ is the position of the particle after the beam is bent. 
Then the line v is a vector, it is called the displacement vector of 
the particle p, and it may be thought of as being at p because 
it refers to the point p. Now v has a definite value and a definite 
direction at each point of the unbent beam, therefore it is a distri- 
buted vector. That is the unbent beam may be thought of as a 
vector field in its relation to the bent or twisted beam. 

Consider a very small portion of the unbent beam. The 
displacement vector v may be thought of as having a linear distri- 
bution throughout this small portion of the beam as explained 
in Art. 133. Therefore the displacement-vector field v may be 
resolved into three parts as explained in Art. 1388. One part 0 
is a simple translatory displacement of the entire small portion 
of the beam; another part v’ is a simple rotation of the small 
portion of the beam about a definite axis; and a third part vo” 
consists of three mutually perpendicular stretches.* This is a 
fundamental proposition in the theory of elasticity. 

* The expression continuous stretches as used in Art. 133 referred to what 
takes place in a rubber band while it is being stretched, and the word stretch 


as here used refers to what has taken place in a rubber band after it has been 
stretched. 


{ See the chapter on elasticity in Franklin and MacNutt’s Mechanics and 
Heat, The Macmillan Co., New York, 1910. 
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PROBLEM. 


1. One end of a rubber band is fixed and the band is stretched 
by moving the other end of the band. The initial length of the 
band is 10 inches, the increase of length is 0.5 inch. Express the 
displacement of each particle of the stretched band in terms of 
the initial distance zx of the particle from the fixed end of the 
band, ignoring the lateral contraction of the band. Ans. Displace- 
ment = 0.052. 


APPENDIX A. 
PROBLEMS GROUP 1. 
(After Art. 34.) 
Differentiate the following: 


grt 
Se 1” 
7 
eon 
2. y = 40° + 524, 


dy _ os 
am 20x°(a + 1). 


3. y = 62° — 52> + 424 — 323, 


es 362° — 2524 + 162% — 92°. 
4.y=v(2+7), 
dy _ 
ae x(3a + 14). 
5. = ox(a? — 5x), 
dy _ Pe 
Ree 15x2°(a — 4). 


6. 6 = art(br? — er + d), 


- = ar*(7br? — 5cr + 4d). 
7.0 = (r+ 3)(2r+ 5), 
dé 


= ame 


8. 6 = (27? + 3r)(8r? + 2r), 
dé 


ae re 2 3 
°F 3r(8r? + 13r + 4) 
1 


10. 


11. 


12. 


{3. 


14. 


15. 


16. 


Li. 


18. 


C= 


§ 


CALCULUS. 


= (2—r)(8—1), 


eR Ge Str Dy 
= = (F —r-1)(6F — det): 


= (at + b)(ct + @), 


ds 


Te 2act + ae + be. 


= (a - bi) (c = et), 


ds 
ae = 2bet — (ae + be). 


= (3 — 2t — 1)(1 — 3@ +4 56°), 


ds _ 7544 — 7618 + 32 + 12t — 2. 


= (2 + t)’, 


= 3(2 + #)?. 


= (1 + 22)), 


ag 7 O(l + 20) 


= £(2t + 3)5, 


. = 20(7t + 3)(2t + 3) 


= at®(b? + ct +e), 


a = at?(5bi? + 4ct + 36). 


y = (1 + 2%)3(2a? + 1)4, 


ay 


19. y = (ax + b)*(a + ba)3, 


= (ax + b)(a + b2)%(5abs + 2a? + 36%), 


J Z(1 + Qx)?(Qa? + 1)3(3 + 8x + 222”). 


APPENDIX A. 3 


Le gee 
20. i= Gare 
dy _ 2 
dx (a+ 2)?" 
_a@-2 
21. y= Ere 
dys) ab 
dx (b—«x)?" 
(az -- 3) 
22. y= (rer by +5)! 
dy_ _ Awt+3)Qe+7) 
dx (2a + 5)5 : 
_ (ez +5) 
ee ee)” 
dy - (ax + b)?(3ae — Tbe — 4acz) 
dx (cz + e)8 : 
rea 
oe ng G5) 
dy _3(1+ 2)? 
dx (2x+ 3)! 
25, i (2 5)" 
dy _ _ 12(2x — 1) 
dx (x — 2)8 


en 5 
pole (= ee te) ; 


ex ri 
dy _ 5(ax? — c)(ax? — bx + c) 
dx e>x8 j 
27. Find the slope of the curve y = 2? — 22%?+3 at (a) 
z=0, (6) x = 2, and(c) = —2. Ans. (a) 0, (6) 4, (c) — 20. 
28. At what angles does the curve y = x(x — 2)(x — 3) cut 
the z-axis? Ans. (a) At x = 0, slope is 6, (0) at x = 2, slope is 
— 2, (c) at x = 3, slope is 3. 
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29. Is ate an increasing or a decreasing function of 2? 
Ans. Decreasing. 
5a + 2 ; 5 ; ; 
30. Is 3p 4 2m increasing or a decreasing function of x? 


Ans. Increasing. 

31. When y = 22? — 62 + 5, for what values of x is y (a) 
an increasing function, and (b) a decreasing function? Ans. (a) 
All values of z less than — 1 or greater than + 1, (6) all values of 
x between — 1 and + 1. 


PROBLEMS GROUP 2. 
(After Art. 39.) 


Differentiate the following functions 

Note.——The forms referred to in the answers to the following 
problems are found in the table of integrals, see Appendix B. Thus 
the answer to problem 4 is given by form 45, as 


dy _ 1 
dx va + ba 
the answer to problem 5 is found to be 
dy _ x 
de = Nee ete. 
Sina d 3 «14 
= As ep ee tbe La pea Bae ee 
are e OAs on et isa me ae 
TaN 2 vet, oy eae 
dt Nx 
2c 5 dy 3 20 
3. y= aa aa) Sante Te 
Fa emt dz 10) noe 
4.y= pe Form 45. 
5.y = ve? 4+ a, Form 61. 


6. y= — va? — 2, Form 53. 


7.0= 


14. y = 
15. y = 
16. y = 
17. y= 


18. y = 


19 ya—a— 


20. y = 
P21. y= 
22. y= 
23. y = 


24. 0 = 


(iy a 
fe a 


APPENDIX A. 5 
(r? — a), = = 5r(r — a’)! 
= 2h Va + ba)’, Form 42. 
sy 1 Va? + a?)3, Form 58. 
= —iV(@— 23, Form 49, 
2\3 d hs : : 
(ai — 23), = ee 
aa d@_r3(7 — 8r) 
Binh ene ge = 
ip vr eae dr ine 2 Ar = . 
do (2r—a)w+a 
(r — a)i(r + a)i, ee ; 
j dr vr—a 
2(2a — br) Va + bz 
2( = Ea Form 46. 
2(2a — dbx) Va + be)? 
_ Form 43. 
2(8a — 4abx + 3b%x*) Va + ~ be 2 
eee Form 47. 
ue 15b2r2 3 
2(8a? — 12abe fey 2’) V(a + b2)* Form 44. 
1 
rae Form 34. 
ae + ot Form 64. 
ax 
x Form 66 
ee Form 56. 
a? Va? — 2?” 
7 sax = Form 73. 
ax 
(at — a?) dy _ (a? — a)M(7a* + 90°) 
ee det 6a? 
do — 4a’x 


da 3(a? — a*)i(a? + yh 
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loga 
25.5 1085 2"; ou = ae 
du _ 1801 + 2v 
26. wu = log (8v? + 4°), Fee tie ze i. 
27.y = * log (a + ba), Form 33. 
28. y = 5 log (= + ‘), Form 39. 
29. y = log (a+ vi + 2), Form 10. 
30. y = log (an + vx? — 1), Form 11. 
31. y = log (a + Vx? + a2), Form 60. 
32. y = — log (; = 4 + 1), From 16. 
x z 
33. y = — lo 14 4-1) Form 15 
°Y g z em: ) ; 
d 48[log (4¢8 + 3)]8 
34. s = [log (4¢9 + 3)}, = = Setoe eS OE. 
38.5 = Blog (at — bi) 4 = Nn i +8 log (as Eo 
c+2z 
36 ae 7 log ° aa Form 38. 
37. y = 4 log ; 2 Ss Form 13. 
—2 
1 x 
38. y = 7 108 a+ dp aa Form 63. 
Pa i 
39, y = * log aE Form 63. 
1 2cr +b — ~vb? — 4ac 
40. WS Abiicodae log one siay) re a ea By, = tan Form 41. 
41. y= “5 E + ba — alog (a + bx)], Form 35. 


42. y = 53 [ 108 (a + bx) + awe rE | Form 36. 


APPENDIX A. 


43. y => Na? — 7? _ phir Ce oo 
x 


44, 
45. 
46. 
47. 
48. 
49. 
50. 
SE. 
SZ: 
BS: 
54. 


ss, 


Ras SMe Fa +S log (c+ ve? + a), 


= 2 ee 
y= Ae a = eile (2 + vax? + a2), 


Form 51. 


Form 57. 


Form 62. 


4 
y= (20? + 5a?) vx? + a? + se log (@ + 2? + a”), Form 65. 


Form 59. 


a tnt 4 —— 
y= (22? +0) ve? + a —- a log (w+ vx?+a"), 
i dy _ 1.3029 
eee eet 2), dx 34+2 
eel dy Aloe 
ys log 2’ dx (x log x)?” 
y == glog é wu = log a-glce al 
y= a”, - = 27a" log a. 
d log a- alee 
y = qloer, ae = oe 
dé 
Ca Ce, ae cve7(1 + log c). 
= pte dy =— ptye—1 
y = ex’, ere (e+ 2). 
een ay Se esd ote log 44, 
wt+2 dy _ rapes = 
Ue ney dz (1 x2 ) € 
2 8 dy — 
y = b a2 ) dx x b 
Sete ee Cmte 
Ube Ghee Ved dx (x — 8)? 
dy 26" 
= (ce — 2), dx (e* — 2)! 
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1 dy 1+ logz 
60. y = log log x — ee: dz a alloe ak 
aE 22 —. p—2Qx dy _ 22 —22) | 
61. y = AG e*), ae c(e= + e) 
62. s = (2e% — 1)(1 — 3e-*), < = Ae + Ge* — Ye*t, 
i log x dy _ 1 
ES Sean re dx xlogx (1+ log z)° 
64. y= eloga x as gloea e oy = mes! qa = at gplotae ; 
pe a dys $26 ae) 
65. y = EE dx (e® — 2? 
66. y = 2[(log x)? — 2 log x + 2], ou = (log z)*. 
y ent — | + eone dy - 2n(er* as Caney 
67. = log ene ++ 1 + enn? dx aa e2na + 1 + en2nz* 
nen ke (e+ 1) . log (e*— 1) 
Pate log (e* — 1) dy _ en= — ] en= + ] 
US tog (+1) de [log (e"* + DF 


PROBLEMS GROUP 3. 
(After Art. 42.) 


Differentiate the following: 


1. y = sin 52, oy = 5 cos 5a. 
dy : 

Fd = ee == ot 

y = COS N&, de n sin na. 

3. y = sin 32%, dy = 62 cos 322. 

dx 
Tete ae 
4.y= 5 + 7 sin 22, Form 21. 


ap ib 
y= 5 gsm 2a, Form 20. 
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6. y = sin 3x cos 2x + cos 32 sin 2z, dy =O ICOSIOL: 


dx 
_ sin(m—n)jx , sin (m+ n)x 
tay Fi an + ee Form 26. 
_ sin(m—n)x __ sin(m+n)z 
8 y= nn) Sto Form 24. 
_ cos (m — n)x , cos (m+ n)x 
wD y= Te ae + ccm ean Form 25. 
10. y = log sin z, Form 8. 
11. y = — log cosz, Form 7. 
12. s = sin(@ — 3¢ + 2), S = (2t — 3)cos(#? — 3¢-+ 2). 
ds 
13. s = log cos (1 — &), ape 2t tan (1 — #@). 
14. y =log(a sin? x dy  2(a—b)tanz 
+ bcos?x),dx atantr+b- 
15. y = 22? sin 2x On a 
4+ 2x cos 2x — sin2z, dx — Sy 
16. y = e* sin (2 — 2”), aw = e* [sin (2—2?) —2z cos (2—2°)]. 
dr _ 6[2 cos (e® — e~*) — 0 (e® + e-*) 
= #2 ped a ie 
t/t — 6" con (6° —e~*); FT, a eo. 
& COS x dy _ sin ¢ 
poaeeeo? case Tc)” dx cosxcos (t+ c)’ 


19. y = sin? 2z cos? 32, dy = 6 sin? 2z cos 3z cos 52. 


da 
Ai DEM ee oe = 2¢ cos 2? ein” 
esa cose dy. 2 
ae J Saas er dx cos2x° 
eee on sin} (2 —a) dy sin a 


sini(e@+a)’ de 2sini(e—a)sin3(e@+ a)’ 
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23. The lengths of crank radius and connecting rod of a steam 
engine are 2 feet and 10 feet respectively, as shown in Fig. p28, 
and the crank revolves at the uniform speed of 2 revolutions per 
second. Find the velocity of the piston for the following values 
of the angle 0: (a) 6 = 0, (b) 0 = 45°, (c) 6 = 90° and (d) @= 
135°. Ans. (a) zero, (b) 20.32 feet per second, (c) 25.13 feet per 
second, (d) 15.24 feet per second. Fig. p23 is 13’’ high x 4” long. 


Fia. p23. 


PROBLEMS GROUP 4. 
(After Art. 43.) : 
Differentiate the following: 


1. y = cot z, wu = — cosec? z. 

2. ¥ = Sec @, oy = sec x tan 2. 

3. y = cosec 2, wu = — cosec x cot x. 

4. y = vers 2, = sin 2. 

5. y = tan (2* — 22), a = 2(x — 1) sec? (2? — 27). 
6. y = sec” na, au = n’ sec” nx tan nz. 


ca 


7. y = log tan 9? Form 19. 
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8. y = log tan (7+), Form 18. 
9. y = log (sec x + tanz), Form 18. 
10. y = log (cosee x — cot 2), Form 19. 
11. y = e** cosec 22, ou = 2e* cosec 27(1 — cot 27). 
dy 3sectu 

12. y = “ V <2 = 

y =(tanw—3 cot u) vtan u, oh oral 
13. s = é” cosec™ nt, za = nt" cosec™ nt(1 — mt cos nt). 
Wes 2 tan 6 dy __—- 2 sec* 0 

- 9 7 tan? dé (i — tan? 6)” 


dy 2e*(e* + 3)-3 


pee ame ent ea) Ge 7 ain BS] 


r 
ol Sa do 3 
16. @ = log —— ) =a Seta EE 
r dr 4-—5smr 
2tan5 — 1 
te em asin 6+ b vers 0 Crm 2ab vers 0 
*" ~~ asin 6 —b vers 6 dé (asin 0 — b vers 6)” 


PROBLEMS GROUP 5. 
(After Art. 44.) 


Differentiate the following: 


1. y = cos’ &, aw =— = 
2.4 = tan 2, Form 12. 
3. = cot z, ve 
4. y = sec! a, Form 14. 
5. y = cosec' 2, ws =— ae 

Form 17. 


6. y = vers'z, 


12 


23. 


24. 


-Y 


CALCULUS. \ 
-y = sin Form 52. 
= ee = Form 37. 
c c 
ee tay pe aD Form 40. 
v4ac — 0° v4ac — 0? 
mT ies 1 sec}, Form 67. 
a a 
- y = vers} 5 Form 70. 
~y=asinte+ V1 — 2, Form 27. 
~y=xcoste — V1 —2’, Form 28. 
2 
y= 5 Va? —z + Sent, Form 48. 
ae 2 
y= 2 Va? — 22+ Cine Form 54. 
2 2 a 
4 
y= 5 (20? — a’) Va? — 24+ zsint S Form 50. 
4 
y= = (5a — 22°) Va? — 2? + sin, Form 55. 
. w = cos! Wvers ¢ oe — 4-1 + sect. 
30 — 2 30 — 12 dr 
fay eh dee | -1 bale 
ry = tan 5 + cot 641’? do 0. 
Petre ee Lape nS 
( db NG # 
t —— 8 t 
fant Bry SOY ae ly Dae ms fae Bel 
. 8 = P sec 9 2 vt 4, di 2t sec 9° 
dw sec t 
w = V¥2[sec— (sec ¢t + tan Zt) = : 
h dt ~ (sect + tan #) tant 
= tanto + 5 tan # dy = 14 eee 
ee 3 de 5+ 4sin 22° 
be mecke= ds —2 
s = tan et —e dt e + ew 
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b dy ab 
25. y = tan! (“t )- 19 dy _ 
y oo (5 es a Boat a’ dx a’sin?x + b? cos? a’ 
a tan x — v? dy ab 
26. y = tan-! —_——_— = —— ‘ 
y va ab(1 + tan x)’ dx asin? x + b? cos’ x 
7 eT V2ax — x? + a vers = Form 72. 
28. y= — V2ar — a2+a vers! Form 71. 
=< ee 2 
29. y = Z 5} g vV2ax — eo vers} = Form 68. 
2 a 
2 = 2 —— 3 
30. y = — so har — 20 2a — z* +- = vers * = Form 69. 


PROBLEMS GROUP 6. 


(After Art. 48.) 
Differentiate the following: 
d 
iyo", os = nx*(1 + log x). 
20=(1-pr, P= — (Het + logit — 0) 
3. s = 3t*, S = 3¢*[1 + 3 log é]. 
— pp(log 2)” dy oe (log z)n— 
454 = g*" , de = (m+ Vlog x)"a* a 
dy _ (log x)'"** | 
es log x pat AY Sues ad 
5. y = (log x) ae = 1 + log (log x)|. 
dy 
= 2 aete) FS _ 
6. y = 62? + 1)? de 
(Bae ly 1) 22) {2 log(3a? + 1) + ae = ”| : 
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Sek 328 
1. dy= (se"—728+ 2 se Z)ade, Yo eats a+ logat +4 + C. 
& at 
2. dy = (2 — 2°)*2’ - dz, pa 2 
; 2 
3. dy = 3(22° + 3)2? - dz = Ort yt CG. 
d 
4, dy = ae Form 33. 
d 
5. dy = 7 ist Form 34. 
-d 
6. dy i os = Form 39. 
7. dy = va-+ ba: dz, Form 42. 
d. 
8. = rare Form 45. 
9. dy = «Va? — 2? - dx Form 49. 
-d 
10. dy == Sat Form 53. 
d. 
11 eS Form 73. 
12. dy = a* - dz, Form 4. 
eit qbz 3b-22 
13. dy =(e* be + 3b-22)d. = — ao ee 
DN es ae ae 2 log b 
4a 
eeSersl _ 8e8 
14. dy = as dx, y a 
15. dy = sin cos 2+ dx y= Bee 
16. dy = tan x - dz, Form 7. 
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PROBLEMS GROUP 7. 
(After rule IIT of Art. 57.) 
Integrate the following differential Lane 


sin x 


Note —Take tan z = ; 
cos 2 
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17. dy = cot z - dz, Form 8 
s 5 
18. dy = sin’ zdz, y = —cos x + 2005S _ OF 4G 
Note.—Take sin’ z = (1 — cos? x)? sin z. 
5 ant 
19. dy = sin‘ x cos® x - dz, = ee _ 28 zy PC. 
20. dy = sin? x - dz, in 20. 
Note.—Put sin? x = 7 — 008 
21. dy = cos? z - dz, Form 21. 
3 
22. dy = cos’ x - dz, at = 2x _ ie + oan 4x eG: 
23. dy = sin mz sin nz - oe Form 24. 
Note.—Put sin mz sin nz = % cos(m — n)z — 14 cos (m + n)z. 
are! 2 
24. dy = tan® x - dz, = ES _ = — hog cos. +.0. 
Note.—Put tan’ z = tan? x (sec? x — 1). 
= 2 
25. dy = cot‘ z - dz, y=x+cotar— + C. 
3 5 
26. dy = cosec® x - dz, y = C—cot __2eot 7 _ ort 
Note.—Put cosec! x = (1 + cot? z)*, 
4 6 F 8 
27. ay = tan® x sec® x - dz, een eee a EO: 
4 3 8 
Note.—Put sec! x = (1 + tan? x)?. 
_ sec?x 2sec’x , sec? +0. 


28. dy = tan’ x sec’ x - dz, 


7 


i) 


Note.—Put tan! xz = (sec? 2 — 1)? and write tandzsec’a = pe Lt 1) 


sec? x-sec x tan x-dz. 


dx ue _, ox 
29: Y= Ya — Ba” ae fit 
dx 1 
0. d = FS r 2 a 
30. dy Vibe a’ = 5 log (5a + ¥25a?—4)+C. 
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Sin dy = oe y 5 tant + 0, | 

32. dy = 7a, y = jlog St +0. 

330d = ee, y= 5st S +0. 

34. dy = es y = vers"! 5 + C. 

38. dy = 213 . ae, y = 5 lo (ta) + ee = Bio. 


36. Find the length of the are of the parabola in Fig. 13 on page 
24 from x =0 to x = 10 inches, the value of k being 2 when 
x and y are both expressed in inches. 

Ans. 201 square inches. 


PROBLEMS GROUP 8. 


(After rule IV of Art. 57.) 
Verify the following: 


13 faxsine + de = —xcost+sn2z4+C. 


Note.—Use rule IV. Try wu =sin z, dv = 2-dz; also try u=2, dv= 
sin x-dx. 


2. fxcose- dx =xsinz +cosa+C. 
4 
3s Jf 2 log x - dx = (log z — 4) + C. 
4. fale + de = 5 (eo — e) — 4" +o) 1 C. 
5. Slog (ax +B) + de = * (ax + b) log (ax +b) — 2 + C. 


6. Jf 2sine-de = — 2 cos2+ 32? sina + 62 cosx—6sina + C. 


Note.—Applying rule IV, taking w= 2? and dv =sinz-dz, we get an 


expression involving i; x*cosx-dx. This expression can again be reduced by 
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applying rule IV (to the part to be integrated), making u = 2? and dv = 
cos x-dx; and so on. 


tk fx sin 2x - dx = $(2a? — 1) sin 2x — $(223 — 3z)cos 24+ C. 


; e**(a sin bx — b cos bz) 
8. | e* sin bz - dx = —-—_.—____— A 
i aap +0 
Note.—Integrate by parts, taking u = e27, then: 
fe sin bz-dz = — om 208 be + : e%* cos br-dz (1) 
Integrate by parts, taking wu = sin bz, then: 
ee ern bay bof 
fect sin bardx = SE fe cos ba-dx (2) 


Take the sum of equation (1) multiplied by 6? and equation (2) multiplied 
by a? in order to eliminate the term containing | e** cos bz-dx and the result 
given above is obtained. By subtracting equation (2) from equation (1), 


ff e** sin ba-dz can be eliminated and the value of {| e2* cos bx-dz obtained. 
es ; 
9. Jf & cos 5a - dx = 375 sin 5a + 3 cos 54) + C. | 
; e ; 
10. fer sina © 0t-= aon sin « + cos x) + C. 


ae x Ge7z ee 
11. fe F cos $+ de = SF (2 sin F — 3 COs 3) +6. 
PROBLEMS GROUP 9. 
(Special methods a of Art. 57.) 
Verify the following: 
5a + 4 3° aie 2:-dz 
Le [eS oe 2) iN Foes ithe +2 
= bee 1) +2 log @+2)4+C. 


Note.—A full discussion of the integration of rational fractions is given in 
Byerly’s Integral Calculus. See note on page 86. 
In this particular case the denominator is equal to (x — 1)(% + 2) and 


18 APPENDIX A. . 


eats, may be broken up into what are called partial fractions as follows: 
ee Bees! 4 B 
Pe a) ee ee 


Clear of fractions and equate coefficients of like powers of x and we find 
A=83 and B=2. 


2. fe, dx = log (« + 4) + log (2 +1) +. 


+ ba +4 
peal 
3: Mae oe - de = t log a+ 4 log (x +3) 


+ 3 log @—2)+C. 


5a3 +1 3 352 — 29 
4. [ =a de = [(se+ 154+ SES, 2 5)e2 


= 9% + 152 — 6 log ( — 1) + 41 log (@ — 2) +0. 
Note.—Whenever the degree of the numerator of a rational fraction is 


greater than or equal to the degree of the denominator, the fraction should be 
reduced to a mixed quantity. 


Sr 27 8 
5. S eae = tt HH ow @ — 3) — Flog @ +2) 


+ {log @ +1) +6. 


1 1 
Oe ei os ke oe ee 


— flog (2? + 1) + €. 


ae é : : ‘ Fegan 
Ni 0.—— a FD is broken into partial fractions by putting it equal 
A B Cz + D 
eta Sh 


os _ 3 2-2 
oS Bea ae a rere te 


32 
S: see pew bar ker 
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PROBLEMS GROUP 10. 
(Special methods b of Art. 57.) 


19 


Integrate the following and for answers see speciiied forms in the 
table of integrals of Appendix B. 


1. fve@— 2 - de 


Note.—Let x = asin 6, then dz = a cos @-d6; and we get: 


fre — 2-dr = fe — a? sin? 6-a@ cos @-dé 


NS 


. fava =a « dx, 
Va? 42 
3. j= dz, 
. f@ — x?)i . aa 
Sa 
: ) (a? — 2°)? 
nO. fvere - dx, 
fant e de, 
a? - dx 
8. Sara 
dx 
9. ie V x? ee a? 


dx 
10. {aa ae 
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a 


on 


~I 


ie 
a a les = 
a [f+ gsin 29] ij 
2 a. a 
= ot [Sein 24 5PM Z 


Form 48. 


Form 50. 
Form 51. 
Form 55. 


Form 56. 
Form 57. 
Form 59. 
Form 62. 
Form 64. 


Form 66. 
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PROBLEMS GROUP 11. 
(Special methods c of Art. 57.) 
Verify the following: 


Tote ea Oe (e+ a 
= ie +a)" So 


4—m 3 
ae ‘oo eet or” 
2 
+ 3a cae ee +C. 
Note—Let x + a= y, da = dy. 
x- dz 
2 jhe ar =e (a+ ba)$— as (a + br)i + C. 
Note—Let a+ bx =y, b-dx = dy. 
dx o soe 
3. e+e = vel Se + iG. 
Note—Let e* = y, x =log y, dx = 2 
x(a? — 28)? = xt(ai — x2)3(a3 — 2x8) 
‘ 4 — xidr = a 
i if C te: 6a? 16a 
+ f sin-1~ a + ¢. 
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Note.—Let x = asin? 6. 
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TABLE OF INTEGRALS. 


A fairly extensive table of integrals is A table of integrals, arranged by 
B. O. Peirce and published by Ginn & Co., Boston, 1890; revised edition 1899. 


EXPLANATORY NOTES. 


To say that if; 2e-dz is 2%, is aan a the same thing as to say that the 


differential of x? is 2a-dz. 
Constants of integration are omitted from this table. 
Any of the integrals given in this table can be verified by differentia- 


tion. For example, we can differentiate (Fr + c) according to Art. 30, 


and we get x*-dz; which shows that ean sit 


rie +a constant) is the integral of 


an-dz. 
sin x 


One has frequent occasion to use the following formulas: tan z = pane 


cos i a 
cot « = =—,, sec rz = » cosec x = -—, and versx = 1 — cose. 
sin x cos x sin 2 


The definitions of the hyperbolic functions sinh xz, coshz, etc., are given 
in Chapter VI, Art. 94. 

The letter e stands for the base of the Napierian logarithms (= 2.7182818); 
log x stands for Napierian logarithm of z. 


WA ene 
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A. Fundamental forms.— 


i ~ get : 
be fe LD ag when 7 is not equal to i 


- fe = log x. 


os fe - dt = e*. 


4, far de =<. 
log a 


5. fein a - dx = — cos. 


i) 


6. cos a + dx = sin 2, 
vie (fitan e+ dx = — log cos 2. 


8. (cot x - dx = log sin x. 
vy 
dx 


eS Ss = Sie! 
9. Vio @ 7 inte. 
10. ee = sinh 2 = log (x + v1 4+ 2”). 
v1 + 2? 
Cae his = ae | 
Li er am cosh-! « = log (a + vx VF 
ae a 
12. [oes tan™ 2x. 
Gia sa, A eae a at 
13. es = tanh t= 9 log; a oe 
dx 2 
14. —_———_ = sec” @. 
Le Vx? — 1 
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dx 1 1 
15. § — = sech! x = — lo soe} 
ear — x (; ) 
dx 1 1 
16. § ———— = cosech! az = — 1 = ice ; 
Sites 1 ne og (+ +1) 


V9 (ea = vers! x. 
= —27 


B. Integrals involving trigonometric functions.— 


18. fcc x + dx = log (seex + tan-z) = log tan (G+5)- 


19. f cose x - dx = log (cosec x — cot x) = log tan 5. 
e 
20. fosin' x dx Fag {sin 2x. 


2 _% 1 
7H. f e085 apo (hp 5) sin 2c. 


Zn f sec?.2 - dx = tan 2. 


23) f cosee’ x: dx = — cot2. 

: : _ sin(m—n)x_ sin (m+ n)x 
24. f sin maz sin nz: dx = Sn _ Ce Sr 

: _ _cos(m—n)x_cos(m+n)z 
25. fisin mx cos nz: dx = Pot = ao ere 


sin (m — n)x 4 


2(m — n) 


Doe les f sin 2-de=xsinta+ vi — 2 


28. if cos! 2- dx = xcos!a2— wl — 2°. 


sin (m + n)ax 


2(m + n) 


26. f cos mx cos nx + dx = 


C. Integrals involving hyperbolic functions.— 
29. f sinh x - dx = cosh z. 
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30. f cosh x + dz = sinh z. 
31. f tanh x + dx = log cosh z. 
32. ficoth x + dx = log sinh z. 
D. Integrals involving (a + bxr).— 


Se Sas =F log (a + be). 


a 1 
Be {Ue itn bla & be): 


-d 1 
aoe Peg aie oe i) 


te ake 
36. eee om b2 slog (a + bx) + 


E. Integrals involving (a + bx?).— 


tel 


aide _ 1 ra 
ae paar cr hat 35 08 (: +). 
F. Integrals involving (a + br + cx?).—For brevity let X 
stand for (a + ba + cx”) and let q stand for (4ac — 6’). 


40. IE dav a 2 tan— eo when q is positive. 
q 


pp eee — N= q 
ae S<- TF" 


at ae q is negative. 


oe +h+4+4V— 
G. Integrals involving va + b¢.— 


42. aa bx: de = Na + bay. 
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47. 
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. SaNa + be » dy = — 22a — 3bx) Va + ba) ba) 


156? 
2 ON LA Pll eS 
jet Se 


tS eee 
Va + bx zs bx ‘ 
[= x dx _ _ 2(2a — bz) Va + ba 


Va + bx 32 
fi aw: dx _ 2(8a — 4absr + 3b°z") Vat be 
Va+ br 150° 


H. Integrals involving Va? — x2.— 


48. 


49 


50. 


sD 


52. 


53. 


aes — 2 
2 2 a 


» Seve =a. de = — eae. 


SPN te = 2 (20? — ot) ENE +S sin ® 


AG a reese 
NGL aoe Sa 
¥ x 
dx 


: ae 
>[S== = sin! - 
Va? — x a 
x- dx =e. 
f eet —— ee Va? — 7, 


x - dx 
Na? — 3? 


Oe ree nn eee 
=— 5 Ve — 345 sin 
2 DY a 


: fi —2)'. de = % g (5a? — 2a?) Va? — a? + aE sin 


‘Sel — 2)? s a eo — 7 
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I’. Integrals involving vx? + a?.— 
87. [VF ade = SW et © og et Fe), 
58. fave Fa: de =i Ve Fe), 
59. fate? + a - de = 5 (208 + at) va? + 
— Slog @@ + Ve +e). 


d ea oe 
60. S= = log (cx + Va? + a). 


2, 
62. SS 5 V2 0 — © log (« + Va® + @). 
63. ee ae ie eee emer) ee og NS Fe 
aVet@ 4 “atve+a 4 m 
dx = Va? + @ 
ee Saiete 


65. jhe: + a*)?- dx = 5 (22° + 5a?) vx? + a? 


an = log (e« + vz? + a’). 
x 


x 
6 Jara” mere 


I’. Integrals involving +x? — a?.—All of the forms 57 to 66 
apply in this case by simply changing the sign of a? except form. 
63 which becomes: 


67. if Lars ae = Pee! z 
rve2—a a 
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ae ey pee 2 
V2ax — 22- dr =~ @ Wax — ot + vers 
Yu Fe a 
2 os 3 
. fe Paz — 2-dz=— Sa aa 28 Daw a a +S vers. 
el vers—* — 
ax — 2? k 
5 eS = — yar — 2? + avers" = 
ax — 2x 
: {jee dx = V2ax — 22 + a vers*= 
x 
f Ge Na 
x vV2ar — x2 ax 
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A SELECTED LIST OF TREATISES ON MATHEMATICS AND ON 
THE VARIOUS BRANCHES OF MATHEMATICAL PHYSICS. 


HISTORY. 


See A History of Mathematics by Florian Cajori, The Macmillan 
Co., New York, 1894 

A good sketch of the history of calculus is given in the article 
Infinitesimal Calculus in the 9th edition of the Encyclopedia 
Britannica. 

Sir David Brewster’s Life of Newton, Thomas Constable & Co., 
Edinburgh, 1855, is well worth reading by anyone who is inter- 
ested in the history of mathematics. 

The theory of infinitesimals and the theory of limits have 
occasioned a very great deal of discussion in the past. These 
matters are discussed somewhat at length in the Britannica article 
above mentioned, but the most edifying discussion of this subject 
is that which is given in the introductory chapter to Augustus 
De Morgan’s Differential and Integral Calculus, London, 1842. 


GENERAL TREATISES. 


An extremely interesting and facinating book for the student of 
‘mathematics is W. K. Clifford’s* Common Sense of the Exact 
Sciences, The International Scientific Series, D. Appleton & Co., 
New York, 1888. 

One of the best general treatises is Edouard Goursat’s Cours 
d’Analyse Mathematique, two volumes, Gauthier-Villars, Paris, 
1905. This valuable work has been translated into English by 

*W. K. Clifford’s philosophical essays (two volumes, Macmillan & Co., 
London, 1879) and especially his small book entitled Seeing and Thinking 
(Macmillan & Co., London, 1880) are extremely readable and interesting. 
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E. R. Hedrick and it is published as Goursat-Hedrick Mathe- 
matical Analysis, Ginn & Co., Boston. 

The various mathematical articles in the ninth and eleventh 
editions of the Encyclopedia Britannica are a great help to the 
student of mathematics. 

The great reference work in pure and applied mathematics is 
the Encyclopddie der mathematischen Wissenschaften, B. G. Teub- 
ner, Leipsig. The publication of this encyclopedia was begun in 
1905 and it is not yet finished. In the meantime the work is 
being republished in a revised and enlarged form in a French 
translation. 

The most extensive general treatise on mathematical physics 
is Winkelman’s Handbuch der Physik in six volumes, second 
edition, J. A. Barth, Leipsig, 1909. 


THEORY OF FUNCTIONS. 


The theory of functions is one of the most facinating branches 
of pure mathematics. 

A good discussion of this subject is given in the second volume 
of Goursat’s Cours d’Analyse Mathematique (Goursat-Hedrick 
Mathematical Analysis). One of the best books on the subject 
is H. Durége’s Elements of the Theory of Functions (English trans- 
lation by Fisher and Schwatt), Fisher and Schwatt, Philadelphia, 
1896. 

Two very extensive treatises on the function theory are A. R. 
Forsythe’s Theory of Functions of a Complex Variable, Cambridge 
University Press, 1893; and Harkness and Morley’s Theory of 
Functions, Macmillan & Co., London, 1893. 


DIFFERENTIAL EQUATIONS 


A very good elementary treatise is D. A. Murray’s Introductory 
Course in Differential Equations, Longmans Green & Co., New 
York, 1897. See also W. W. Johnson’s Differential Equations, 
John Wiley & Sons, New York, 1890. The second volume of 
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Goursat-Hedrick’s Mathematical Analysis contains a good dis- 
cussion of differential equations. 

A very good treatise on partial differential equations is W. E. 
Byerly’s treatise entitled Fourier’s Series and Spherical, Cylindrical 
and Ellipsoidal Harmonics, Ginn & Co., Boston, 1893. 

An important general method of solving linear differential 
equations is given by P. A. Lambert in the Annals of Mathematics. 
First paper in Vol. XI, pages 185-192, July, 1910; second paper, 
Vol. XIII, pages 1-10, September, 1911. 


QUATERNIONS AND VECTOR ANALYSIS. 
(See page 211.) 


HYPER-GEOMETRY AND RELATIVITY. 


A very interesting development of mathematics is what is 
called non-Euclidean geometry or hyper-geometry. Perhaps the 
most interesting thing for a beginner to read on this subject is 
Helmholtz’s popular lecture entitled ‘‘Ueber den Ursprung und 
die Bedeutung der geometrischen Axiome”’ Vortrdge und Reden, 
Vol. II, F. Vieweg & Son, Braunschweig, 1884. These very inter- 
esting lectures of Helmholtz have been translated into English, 
first series by Dr. Pye-Smith, second series by E. Atkinson, and 
both series are published by Longmans, Green & Co. 

See section VI of article Geometry in the 11th edition of the 
Encyclopedia Britannica. A good discussion of non-Euclidean 
geometry is given in A. N. Whitehead’s Universal Algebra, Cam- 
-“bridge University Press, 1898. See also Stickel und Engel, 
Theorie der Parallellinien von Euklid bis auf Gauss, Leipsig, 1895; 
F. Klein, Nicht Euklidische Geometrie, Gottingen, 1893; and P. 
Barbarin, La Géométrie non-Euclidienne, Paris, 1902. 

The subject of non-Euclidean geometry is closely related to a 
very recent development in theoretical physics called the theory 
or relativity. A very simple discussion of this subject is given 
_ by W.S. Franklin in an article entitled The Principle of Relativity, 
Journal of the Franklin Institute, July, 1911. A very interesting 
article on this subject is the eighth lecture in Max Planck’s Acht 
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Volesungen tiber theoretische Physik, S. Hirzel, Leipsig, 1910. The 
following articles by G. N. Lewis, R. C. Tolman and E. B. Wilson, 
are interesting, and all but the last one are easy to read. Philo- 
sophical Magazine, Vol. 16, pages 705-717; American Academy Pro- 
ceedings, Vol. 44, pages 711-724; American Academy Proceedings, 
Vol. 48, pages 389-507. A general treatise is M. Laue’s Das Relativi- 
idtsprinzip, Braunschweig, F. Vieweg und Sohn, second edition, 1913. 


ASTRONOMY.* 


Most of the recent researches in astronomy have been in the 
line of what is called astro-physics, and but few additions have 
been made to the older theoretical astronomy with its beautifully 
complete mathematical theory. 

Good books on theoretical astronomy for the beginner are C. A. 
Young’s General Astronomy, Ginn & Co., Boston, 1898; and W. W. 
Campbell’s Elements of Practical Astronomy, The Macmillan Co., 
New York, 1899. 

Perhaps the best treatise on astronomical measurements is 
Wm. Chauvenet’s Spherical and Practical Astronomy, two volumes, 
J. B. Lippincott, Philadelphia, 1863. For a treatise on astro- 
nomical calculations see Jas. C. Watson’s Theoretical Astronomy, 
J. B. Lippincott, Philadelphia, 1867. See also Bahnbestimmung 
der Kometen und Planeten, T. R. v. Oppolzer, two volumes, Wm. 
Engelmann, Leipsig, 1882. 

Perhaps the greatest treatise on theoretical astronomy is Traité 
de Méchanique Céleste, P. 8. Laplace, five volumes, Paris, 1799. 
English translation by Nathaniel Bowditch, Boston, 1829. 

Theoretical astronomy goes far beyond every other branch of 

* Although we are here concerned chiefly with books on mathematical 
theory it is worth while, perhaps, to mention some of the extremely interesting 
descriptive books on astronomy: Simon Newcomb’s Popular Astronomy, 
Harper Bros., New York, 1882. J. Norman Lockyer’s Stargazing, Macmillan 
& Co., London, 1878. Richard A. Proctor’s Other Worlds than Ours, Longmans, 
Green & Co., London, 1878. Also C. A. Young’s General Astronomy is ar- 


ranged so that the general reader can easily omit the more difficult parts 
and the book then becomes a very good descriptive treatise. 
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applied mathematics in the legitimate use of elaborate formulas 
and in the tremendously laborious numerical calculations that 
are involved. The student can get an idea of the former and a 
faint suggestion of the latter by looking over the four large volumes 
of The Collected Mathematical Works of George W. Hill which have 
been recently published (1905) by The Carnegie Institution of 
Washington and placed in every important library in the United 
States. Dr. Hill’s greatest contribution to theoretical astronomy 
was a new method for calculating the motion of the moon. 


PROBABILITY. 


In many respects the theory of probability is the most important 
branch of mathematics for the experimental scientist. 

The article Probability in the eleventh edition of the Encyclopedia 
Britannica is a very good outline of the theory of probability. . 
See also De Morgan’s treatise on probability in the Cabinet 
Cyclopedia, London, 1838. Laplace’s Theorie analytique des 
Probabilités, Paris, 1820; is one of the great treatises on the subject. 

The application of the theory of probability to measurement is 
treated in Mansfield Merriman’s Least Squares, John Wiley & 
Sons, New York, eighth edition, 1903; in R. S. Woodward’s 
Probability and Theory of Errors, John Wiley & Sons, New York, 
1906; and in A. de F. Palmer’s Theory of Measurements, McGraw- 
Hill Book Co., New York, 1912. 

The application of the theory of probability to the study of 
statistics of all kinds and especially to biometrics (the quantitative 
study of variation of plants and animals) is of great importance. 
A simple discussion of this subject is given in the article Variation 
und Selection in the eleventh edition of the Encyclopedia Britannica. 

The kinetic theory of gases, one of the most important branches 
of theoretical physics is a phase of the theory of probability. See 
Watson’s Kinetic Theory of Gases, The Clarendon Press, Oxford, 
1893. See also the epoch-making work, Ludwig Boltzmann’s 
Vorlesungen tiber Gastheorie, in two parts, J. A. Barth, Leipsig, 
1895 and 1898. The kinetic theory of gases is treated in a very 
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general way by J. Willard Gibbs in his Statistical Mechanics, 
Charles Scribner’s Sons, New York, 1902. 

A very good discussion of the kinetic theory of gases is given in 
Nernst’s Theoretical Chemistry, Chapter II, translated by Lehfeldt, 
Macmillan & Co., London, 1904. 

The ideas of the kinetic theory of gases are extensively used in 
the recent theories of the discharge of electricity through gases 
and in the theories of radioactivity. See especially J. J. Thomson’s 
Conduction of Electricity through Gases, Cambridge University 
Press, 1906. See also E. Rutherford’s Radioactive Transforma- 
tions, Charles Scribner’s Sons, New York, 1906. 

The modern statistical theory of radiant heat is also a branch 
of the theory of probability. Some idea of this subject can be 
obtained from lecture 6 of Acht Vorlesungen wiber theoretische 
Physik, Max Planck, 8. Hirgel, Leipsig, 1910. 


THERMODYNAMICS. 


There is a widespread notion that theoretical thermodynamics 
makes a very severe demand upon the methods of higher mathe- 
matics, whereas, as a matter of fact its demands are less perhaps 
than any other branch of mathematical physics. 

An extremely simple development of the mathematical theory 
of thermodynamics is given in Franklin and MacNutt’s Mechanics 
and Heat, pages 350-397, The Macmillan Co., 1910. 

A very good advanced treatise is Max Planck’s Treatise on 
Thermodynamics (English translation by Alexander Ogg), Long- 
mans Green & Co., London, 1903. Another important treatise is 
Edgar Buckingham’s Theory of Thermodynamics, The Macmillan 
Co., New York, 1900. 

R. Clausius’ Mechanische Weérmetheorie, third edition, F. 
Vieweg & Sons, Braunschweig, 1887, is a very important work. 

The student interested in theoretical thermodynamics will find 
it well worth while to read the celebrated paper of J. Van’t Hoff 
entitled “The function of osmotic pressure in the analogy between 
solutions and gases,” Philosophical Magazine, Vol. XXVI, pages 
81-105, August, 1888. 
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The best treatment of thermodynamics for the experimental 
chemist is that which is given in a more or less disconnected 
manner in W. Nernst’s Theoretical Chemistry, English translation 
by R. A. Lehfeldt, Macmillan & Co., London, 1904. 

A good treatment of thermodynamics for the steam engineer 
is that which is given in chapters II and III (pages 37-159) of 
J. A. Ewing’s The Steam Engine and other Heat Engines, third 
edition, Cambridge University Press, 1910. 


THEORETICAL MECHANICS. 


There are many good beginner’s treatises on theoretical me- 
chanics. A good advanced treatise is Alexander Ziwet’s Ele- 
mentary Treatise on Theoretical Mechanics, in two parts, The Mac- 
millan Co., New York, 1893. 

Every student of mathematical physics should read a portion, 
at least, of Sir Isaac Newton’s Principia. 

An extremely interesting and readable book is Poinsot’s Theorie 
Nouvelle de la Rotation des Corps, second edition, Paris, 1851. 
Harold Crabtree’s Spinning Tops, Longmans Green & Co., 
London, 1909 (about), is a good mathematical treatment of the 
theory of the rotation of a rigid body. 

The most exhaustive treatises on theoretical mechanics are: 
Geo. M. Minchin’s Treatise on Statics, third edition, two volumes, 
The Clarendon Press, Oxford, 1886; Edward J. Routh’s Ele- 
mentary Rigid Dynamics, Macmillan & Co., London, 1860; and 
Edward J. Routh’s Advanced Rigid Dynamics, Macmillan & Co., 
London, 1860. 

See lecture 7 in Acht Vorlesungen tiber theoretische Physik by 
Max Planck, 8. Hirzel, Leipsig, 1910. This lecture deals with the 
most fundamental principle of physics, the so-called principle of 
least action. 

THEORY OF SOUND. 

One of the best books on this subject for the beginner is J. H. 
Poynting and J. J. Thomson’s Sound, Charles Griffin & Co., 
London, 1899. See also the article Acoustics in the 9th edition 


36 APPENDIX C. 


of the Encyclopedia Britannica. Helmholtz’s great work The 
Sensations of Tone (English translation by Alexander J. Ellis), 
contains a series of appendices on mathematical theory. 

The most comprehensive treatise is Lord Rayleigh’s Theory of 
Sound in two volumes, Macmillan & Co., London, 1877. Second 
edition revised and enlarged 1894. 


THEORY OF ELECTRICITY AND MAGNETISM. 


An understanding of vector analysis, as developed in chapter [IX 
of this text, is absolutely necessary before one can begin the 
study of Maxwell’s theory of electricity and magnetism. 

A very simple discussion of Maxwell’s theory is given in Frank- 
lin’s Electric Waves, pages 186-196, The Macmillan Co., New 
York, 1909. The beginner will be greatly helped by E. Atkinson’s 
translation of Mascart and Joubert’s Treatise on Electricity and 
Magnetism, Vol. I, Thos. de la Rue & Co., London, 1883. 

The great treatise on this subject is Maxwell’s original treatise 
in two volumes entitled Electricity and Magnetism. The first 
edition of this work appeared in 1873. Third, edition very 
slightly altered, The Clarendon Press, 1891. 

The study of Maxwell’s treatise is greatly facilitated by Mascart 
and Joubert’s treatise above mentioned; by the study of Heinrich 
Hertz’s Electric Waves, translated by D. E. Jones, Macmillan & 
Co., London, 1893; and by the study of A. G. Webster’s Electricity 
and Magnetism, Macmillan & Co., London, 1897. 

A most excellent treatise for the student is Abraham and 
Féppl’s Theorie der Electrizitat; Vol. 1, Einfiihrung in die Maz- 
wellsche Theorie, 3d edition, Leipsig, 1907; Vol. II, Electromag- 
neschie Theorie der Sirahions (Hlectronentheorie), Tone 1905. 

Recent Researches Electricity and Magnetism by J. J. Thomson, 
The Clarendon Press, Oxford, 1893, contains a great deal of 
interest especially on the subject of electric waves. See also J. J. 
Thomson’s Conduction of Electricity through Gases, Cambridge 
University Press, 1906. This important book deals principally 
with the electron theory, although, of course, the book deals 
almost entirely with experimental researches. 
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THE THEORY OF LIGHT. 


One of the best books for the student is Thomas Preston’s 
Theory of Light, third edition, Macmillan & Co., London, 1901. 

An extremely interesting book, partly theoretical and partly 
descriptive, is A. A. Michelson’s Light Waves and their Uses, Uni- 
versity of Chicago Press, 1903. R. W. Wood’s Physical Optics, 
second edition, The Macmillan Co., New York, 1910, contains a 
great deal of interesting and important theory. 

The theory of lenses and optical instruments is treated in a 
very exhaustive manner by Czapski, von Rohr and Eppenstein 
in Winkelmann’s Handbuch der Physik. 

One of the most interesting series of original memoirs is that 
of Augustin Fresnel, see Fresnel’s Oevres Completes, Vol. I, pages 
1-382, Paris, 1866. 

A very complete treatise on the theory of light (electro- 
magnetic) is that of P. Drude; English translation by C. R. Mann 
and R. A. Millikan, Longmans Green & Co., New York, 1902. 


HY DROMECHANICS. 


One of the best treatises on this subject for the student is the 
article Hydromechanics in the ninth edition of the Encyclopedia 
Britannica. Part I of this article is devoted to Hydrostatics. In 
this part the problem of the figure of the earth is discussed and 
also the important practical problem of the stability of floating 
bodies. Part II of this article is devoted to Hydrodynamics, the 
highly mathematical theory of the motion of a frictionless fluid. 
Part III of this article is devoted to Hydraulics from the point of 
view of the experimental physicist and the engineer. Parts 
I and II were written by A. G. Greenhill and Part III was written 
by W. C. Unwin. Professor Unwin’s article has been published 
as a separate treatise, Macmillan & Co., London, 1907. 

See also G. M. Minchin’s Treatise on Hydrostatics, two volumes, 
second edition, Clarendon Press, Oxford, 1912; Horace Lamb’s 
Hydrodynamics, Cambridge University Press, 1879; third edition 
1906; and A. B. Bassett’s Hydrodynamics, two volumes, Deighton 
Bell & Co., Cambridge, 1888. 
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THEORY OF ELASTICITY. 


An understanding of vector analysis as developed in chapter IX 
of this text is very helpful in the study of the theory of elasticity. 
Thus the ideas which are established in Art. 136 are the foundation 
of the elementary theory of elasticity as given in Franklin and 
MacNutt’s Mechanics and Heat, pages 182-218, The Macmillan 
Co., New York, 1910. This is perhaps the simplest existing 
elementary treatise on the theory of elasticity. 

The matter which is discussed in Art. 136, namely, the theory 
of elastic strains, is discussed in W. K. Clifford’s Kinematic, 
part I, Macmillan & Co., London, 1878, pages 158-221. 

One of the best treatises on the theory of elasticity is W. J. 
Ibbetson’s Mathematical Theory of Elasticity, Macmillan & Co., 
London, 1887; see also A. E. H. Love’s Mathematical Theory of 
Elasticity, two volumes, Cambridge University Press, 1892. 

The greatest reference work in the theory of elasticity is Karl 
Pearson’s History. 


CRYSTALLOGRAPHY. 


It is not generally known that one of the most interesting and 
remarkable branches of mathematical physics is the theory of 
crystallography. Thus the purely mathematical theory of regu- 
lar-point-systems in space is in complete accord with experi- 
mental studies of crystal forms. A regular-point-system in space 
is called a space lattice. The purely mathematical theory of the 
space lattice is treated in Sohncke’s Theorie der Krystallstruktur, 
B. G. Tuebner, Leipsig, 1879. Very complete treatises on 
crystallography are Groth’s Physikalische Krystallographie, Wm. 
Englemann, Leipsig, 1895; and Liebisch’s Grundriss der Physi- 
kalischen Krystallographie, Veit & Co., Leipsig, 1896. In both of 
these books the geometrical theory of crystallography is fully 
treated. 


INDEX 


Acceleration and velocity, 55 
in circular motion, 70 
Algebraic integration, 82 
Angular acceleration and torque, 146 
Arbitrary variations, 9 
Area under a curve, 28 
Artificial functions and natural func- 
tions, 15 
Average, discussion of, 121 
value of a function, 121 


Barrel hoop, discussion of, 72 
Beam, the problem of the bent, 115 
Bent beam, problem of, 115 
Boat, starting of a, 177 

stopping of a, 178 


Center of gravity, 123 7 
of mass. See center of gravity. 
of pressure, 134 
Change, rate of, 2 
Circle, the osculating, 66 
Complex quantity, definition of, 163 
geometrical representation 
of, 163 
use of, 153 
Component slopes and_ resultant 
slopes, 96 
Constant of integration, 33 
Constant quantities and variable 
quantities, 1 
Continuous variables and discon- 
tinuous variables, 4 
Convergence of a vector field, 229 
Convergent series, 43 
Cosines, hyperbolic, 166 
Curl, cartesian expression for, 238 
divergence of, 240 
example of, 237 
of a gradient, 239 
of a vector field, 236 
Curvature, 61 
radius of, 65 
Cyclometer, the, 74 


Dam, force exerted upon, 136 


Damped oscillations, 185 
Decrements and increments, 2 
Demoivre’s theorem, 162 
Dependent variables, 13 
Derivative, Graphical representation 
of a, 18 
of a function, 17 
Derivatives, successive, 54 
Definite integrals and indefinite in- 
tegrals, 34 
Differential equation, 31 and 168 
Degree and order of, 168 
general solutions and par- 
ticular solutions of, 172 
linear, 172 
of wave motion, 190 
ordinary and partial, 168 
partial, 89 
pure and mixed, 169 
Differentiation and integration, 32 
formulas for, 38 
by development, 38 
by rule, 38 
geometric, 70 
graphical, 38 
of an exponential function, 48 
of a function of a function, 42 
of an implicit function, 91 
of a logarithm, 46 
of a product, 40 
of a quotient, 41 
of a sum, 39 
of trigonometric functions, 50 
partial, 87 
successive, 88 
physical, 38 
rules for, 38-54 
successive, 54 
Discontinuous variables and con- 
tinuous variables, 4 
Distributed scalar, 218 
vector, 218 
Divergence, Cartesian expression for, 


of a curl, 240 
of a vector field, 228 
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Equation, differential, partial, 89 
Errors of observation, influence upon 
a result, 109 
Euler’s expression for sine and cosine, 
164 


Expansions in series, 153 


Fields, scalar and vector, 217, 218 
Forced oscillations, 188 
Fourier’s theorem, 199 
application of, 204 
Function, definition. of, 13 
derivative of a, 17 
graphical representation of a, 16 
implicit differentiation of, 91 
law of growth of, 31 
tabulation of, 15 
Functions, natural and artificial, 15 
ae have the same derivative, 


Gravity, center of, 123 
Geometric differentiation, 70 
Grade, definition of, 6 
Gradient, curl of, 239 
definition of, 6 
line integral of, 223 
of a distributed scalar, 219 
of a hill, 93 
temperature, discussion of, 7 
Gradients, examples of, 98 
Graphical representation of a deriva- 
tive, 18 
of a function, 16 
’ Gyration, radius of, 142 


Harmonic motion, 58 
Hill, gradient of a, 93 
slope of a, 93 
surface, area of, 105 
volume of a, 100 
Hooke’s law, 115 
Hoop, discussion of, 72 
Hyperbolic sines and cosines, 166 


Implicit function, differentiation of, 
91 


Increments and decrements, 2 
Indefinite integrals and definite inte- 
grals, 34 
Independent variables, 13 
Inertia, moment of, 140 
pt of, about parallel axes, 
14 


Inertia, moments of, table of, 151 
Infinitesimals, method of, 22 
Integrals, definite and indefinite, 34 

table of. See Appendix B. 
Integrating machine, 74 
Integration, 74 

algebraic, 82 

and differentiation, 32 

formulas for, 38 

by rules. See footnote, page 83. 

by steps, 79 

constant of, 33 

mechanical, 74 

multiple. See Integration, Par- 


tial. 
partial, 87 and 99 
rules for, 84 
Trrotational vector fields, 242 


Kelvin’s law, 113 


Line integral, Cartesian expression 
for, 223 
of a gradient, 223 
of a vector field, 222 
reduction of to a surface in- 
tegral, 239 
Linear vector field, the, 243 


Maclaurin’s theorem, 153 
applied to the function of 
two variables, 159 
Mass, center of. See Center of 
gravity. 
Maximum and minimum values, 111 
Mechanical integration, 74 
Median line of beam, definition of, 117 
Method of infinitesimal, the, 22 
Minimum and maximum values, 111 
Moment of inertia, 140 
of section of a beam, 148 
of inertia about parallel axes, 147 
Table of, 151 
Motion, harmonic, 58 
in a circle, 70 
Multiple integration. See Partial 
Integration. 


Natural functions and artificial func- 
tions, 15 


Oscillations, damped, 185 
forced, 188 
undamped, 181 

Osculating circle, 66 


INDEX. 4] 


Partial differential equation, 89 
differentiation, 87 
successive, 88 
integration, 87 and 99 
Planimeter, the, 74 
Plucked string, the vibration of, 197 
Potential, existence theorem of, 225 
multivalued, 226 
of a vector field, 225 
scalar, 225 
and vector, 242 
Pressure, center of, 134 
Principle of superposition, 174 
Prismoid formula, the, 102 


Quantities, constant and variable, 1 


Radius of curvature, 65 
of gyration, 142 
Rate of change, 2 
Resultant slopes 
slopes, 96 
Rotational vector fields, 242 


and component 


Scalar and vector quantities, 211 
field, 217 
gradient of, 219 
volume integral of, 219 
function, 218 
potential, 225 
and vector potential, 242 
Series, convergent, 43 
Sines, hyperbolic, 166 
Slope of a hill, 93 
Slopes, component and resultant, 96 
solenoidal vector fields, 235 
Space analysis, 210 
3} -time curve, the, 79 
Spring, work required to stretch a, 26 
Starting of a boat, 177 
Stopping of a boat, 178 
Stream lines, 221 
Stretched string, equation of motion 
of, 193 
string, equation of motion of, 193 
plucked, vibration of, 197 
Successive derivatives, 54 
differentiation, 54 
partial differentiation, 88 
Superposition, the principle of, 174 
surface integral, Cartesian expression 
for, 228 
of distributed vector, 227 


Surface integral, reduction of to line 
integral, 239 
of to volume integral, 


23 
of a hill, area of, 105 


Table of moments of inertia, 151 
Tabulation of a function, 15 
Tangent plane, equation of, 94 
Taylor’s theorem, 157 

Temperature gradient, discussion of, 7 
Torque and angular acceleration, 146 
Tube of flow in a vector field, 235 


Undamped oscillations, 181 
Unit tube in a vector field, 235 


Variable and constant quantities, 1 
Variables, continuous and discon- 
tinuous, 4 
dependent and independent, 13 
Variations, arbitrary, 9 
Vibrations, damped, 185 
forced, 188 
undamped, 181 
Vector analysis, 210 
and scalar quantities, 211 
field, 218 
convergence of, 229 
curl of, 236 
divergence of, 228 
line integral of, 222 
potential of, 225 
rotational and irrotational, 


242 
solenoidal, 235 
surface integral of, 227 
the linear, 243 
function, 218 
potential, 241 
and scalar potential, 242 
products, 213 
Velocity and acceleration, 55 
Volume integral of scalar field, 219 
reduction of to surface in- 
tegral, 234 
of a hill, 100 
Vortex motion, 241 


Water gate, force exerted upon, 134 

Watt-hour-meter, the, 74 ; 

Wave motion, differential equation of, 
190 


7 


ee 


- 
x 


i 


—. 


Ly 


9 ey ED Ree": 


’ erase ive mid 
des etn, 
Ts. 


4 ,) 
hiteas 
toting 3 


: 
URE 


Peer 
IA 


Hi 
#4 
uy 


Hh} 


45% 


batten 
Paes 


an 
rartiiases 
Cer +b, 
Marbut 
inayat 


y 
A ene 

Pe eee 
& 


Me ebecas 
bed 


he 


Redeye gee 


oh oh iY 


nes 


ah 


4 
echoes remiss 
Sten : i at 2 we Lh ed ef, 
< es Ye) arte kee f 
Pc ee 3 
bacchonnte ues : 
eden . 
ereeseny, 


has ot ls 
Rt pe) bevita ae 
ares 
ity ke aie speaa Nase 


eS 
srs by 


hd Udy (on 
py Oe eee ry 
Rn aa 
Ook rerth 
whe 


A beat 
de len sigue 
ratte ratt 
piaeita y 5C } 
yi vatak® Shoei g 


:] 
DSi phe 
AL ie, ry oh) 


